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Preface

The 2015 International Conference on Electrical, Control Engineering and Computer Science 
(ECECS2015) was successfully held in Hong Kong, May 30–31, 2015. The ECECS2015 was organized 
by the American Society of Science and Engineering (ASEE). The ASEE is a non-profit society for engi-
neers and scientists, which was founded originally in 2009 and has been undergoing rapid expansion in the 
recent years. The ECECS2015 is co-sponsored by Chongqing University of Science and Technology, The 
Hong Kong Polytechnic University, MVGR College of Engineering, Babol University of Technology, 
Helwan University, Xi’an Jiaotong-Liverpool University, and North China Electrical Power University. 
The ECECS conference serves as an excellent platform for the engineering and science community to 
meet with each other and to exchange theories, ideas, techniques and experiences related to all aspects of 
electrical engineering, control engineering and computer science.

This book contains 39 revised and extended research articles, written by prominent researchers partici-
pating in the conference. Topics covered include electrical engineering, control engineering, communication 
and computer networks, and computer science. All accepted papers went through strict peer-reviewing by 
2–4 expert referees and the overall acceptance rate was 38.9%. The papers have been selected for this book 
because of quality and the relevance to the conference. The organizing committee of ECECS2015 would 
like to express our sincere appreciations to all authors for their contributions to this book. We would like 
to extend our thanks to all the referees for their constructive comments on all papers; especially, we would 
like to thank to organizing committee for their hard working.

Prof. Jian Liu
General Chair of ECECS2015
Wuhan Institute of Technology
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Structural design and motion simulation of a kind of AMT Clutch 
Actuator

Yanfang Zhang
Chongqing College of Electronic Engineering, China

ABSTRACT: Taking the AMT Clutch Actuator of an experimental platform of a kind of full hybrid 
electric vehicle as an example, we design the structure of the Clutch Actuator, select the type of motor for 
the Clutch Actuator, design and verify the joint strength of the actuator, and carry out 3D modeling and 
motion simulation of the Clutch Actuator in this paper.

Keywords: Clutch Actuator; structural design; verification; motion simulation

according to the driver’s intention and the real situ-
ation of the vehicle. Then the ECU controls the 
motor, and the motor drives the linear module, and 
the layer board on the linear module moves, driv-
ing the push-pull rod on it, which controls the pis-
ton of the main hydraulic cylinder which connects 
with a liquid storage cylinder to move towards the 
left or the right to adjust the pressure in the main 
hydraulic cylinder. The push of the piston in the 
main hydraulic cylinder makes the pressure in the 
oil passage on the right side of the main cylinder 
change, which produces a push-pull force to the 
clutch, and makes it meet the requirements for 
control. The structure of the actuator is shown in 
Figure 1.

3 THE DESIGN AND VERIFICATION OF 
THE CLUTCH CONTROL ACTUATOR

According to the experimental data of  the exper-
imental bench model, the complete disengaging 
time of  the clutch should be less than 0.4 s, and 
the maximum pressure of  the front-end hydraulic 
cylinder of  the clutch is 0.8 MPa, so the design 

1 INTRODUCTION

As an important component of the mechanical 
transmission system of the vehicle, the clutch has 
functions of transmitting torques, absorbing shocks, 
resisting torsions, disengaging and jointing, etc. 
[1–2] The requirements for the design of the clutch 
are as follows: the clutch realizes the smooth joint-
ing between the engine and the transmission making 
the vehicle start smoothly; breaks off the connec-
tion between the engine and the transmission sys-
tem quickly reducing the impacts between the gears 
of the transmission and making the shifting easy; 
protects the transmission system from impact and 
destruction when suffering heavy dynamic loads 
during working. [3] In this paper, we design an AMT 
Clutch Actuator of which the driving mode is elec-
tronically controlled and electrically powered.

2 STRUCTURAL DESIGN OF THE 
CLUTCH ACTUATOR

The working process of the Clutch Actuator is: 
firstly, the ECU receives the shifting command 

Figure 1. Samplified model for engine mounting.
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of  the actuator should meet the requirements 
of  the maximum disengaging speed and the 
strength under the corresponding disengaging 
pressure. [4–5]

3.1 Selection of the motor type 
of the Clutch Actuator

In order to control the jointing speed and displace-
ment of  the clutch more accurately, we select the 
stepping motor. Subdivision control is adopted, 
so the developed control accuracy of  the stroke 
displacement of  the clutch can achieve 0.025 mm. 
According to the known conditions, the maxi-
mum pressure of  the front-end hydraulic cylinder 
of  the clutch is 0.8 MPa, and the diameter of  the 
piston in the hydraulic cylinder of  the actuator is 
16 mm, so the following can be obtained based 
on this.

F P A NmaFF x mPP ax ×PmPP ax 160  (1)

Fmax refers to the maximum push-pull force of the 
push-pull rod of the actuator; A refers to the sec-
tional area of the hydraulic cylinder.

The stroke of the clutch is L = 30 mm, the com-
plete disengaging time of the clutch = 0.4 s. So the 
linear speed of the push-pull rod can be obtained. 
v = L/t = 0.075 m.

According to the calculations of the above for-
mulas, the parameters of the driving motor of the 
Clutch actuator can be calculated. the power of the 
driving motor of the clutch: P = Fmax × V, which is 
calculated to be 12 W.

According to the calculated motor power, we 
select the Y200 L 1–2 stepping motor with a power 
of 30 W and a revolving speed of 2950 rpm. The 
front end of the push-pull rod is driven by a screw. 
Use the M10 × 0.5 metric fine screw thread for 
screw drive.

3.2 Design and verification of the actuator’s 
connection strength

Use two M8 bolts initially for the threaded con-
nection between the hydraulic cylinder and the 
guide plate. Bolts are being pulled. The bolts are 
under pre-tightening force and operating pulling 
force. Considering that they may need additional 
tightening under the total pulling force, thereby the 
strength condition of the bolt here is:

σ
π

eσ F
dπ

= ≤ [ ]σ5 2

1dd 2
. maFF x

 
(2)

In the formula, d 1 is the diameter of the bolt 
which is 8 mm. Induced it into calculation and the 

 conclusion is σ σeσσ 4 14 36. [14 ] M3= 6σσ< ]σ Pa , so 
the connection is safe.

Select M8 bolt initially for the threaded connec-
tion between the short axis and inhaul cable, and 
shear the bolt. The shear-resisting strength condi-
tion of the bolt is:

τ = ≤ [ ]4

0
2

F
d m0

2
maFF x

πdd
]]

 
(3)

In the formula, m is the bolt shank’s shear-
ing area, and m = 2; d0 is the diameter of the 
bolt shank’s shearing area, and d0 = 8 mm. 
Induced it into calculation, and the conclusion is 
τ τ1 59 4. [59 ] M4= 5ττ≤ ]τ pa , so the shear strength 
is safe. The extruding strength condition for the 
surface of the contact area between bolt shank and 
the wall of hole is:

σ σp pσ σF
d h

≤ ⎡⎣⎡⎡ ⎤⎦⎤⎤
maFF x

0dd  
(4)

In the formula, h is the minimum height of the 
extruding area between bolt shank and the wall of 
hole, and h = 6 mm. Induce it into calculation, and 
the conclusion is σ p pσ σ3 33 9033 ] M9= 0pσσ pσ≤ ] Pa , 
so the extruding strength is safe.

The connection between the short axis and the 
layer board select two M6 bolts initially for con-
necting, and shear the bolts. The shear strength 
condition is as formula (3). In the formula, m = 1. 
Induce it into calculation, and the conclusion is 
τ τ5 66 MPa [≤ ] 4= 5 MPa, Extruding strength 
condition is as formula (4). In the formula, 
h = 13.5 mm. Induce it into calculation, and the 
conclusion is σ σpσ 0 99 90. [99 ] M9= 0σσ≤ ] papσ , so 
the bolt connection here is safe.

4 3D MODELING AND SIMULATION 
OF THE CLUTCH ACTUATOR’S

4.1 Overall model of the Clutch Actuator

This article uses UG N6.0 for Clutch Actuator’s 
3D solid modeling, and adopts the top-down 
method to design the assembly. The specific 
design scheme, mechanism schematics and spe-
cific parameters of  the clutch operating mecha-
nism have all been explained in detail in the 
preceding text. Next is the modeling and simu-
lation of  the mechanism. The overall model of 
Clutch Actuator is shown in Figure 2. In this 
overall model, each component’s screw bolt and 
screw thread connection are left out, only indi-
cated with circular holes, and are replaced with 
constraint order.
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4.2 Simulation analysis of the Clutch Actuator

Mechanism motion analysis module [motion], 
which is UG NX6.0 self-carried, provides mecha-
nism simulation analysis and text production func-
tion. With a three-dimensional model of Clutch 
Actuator having been set up in the preceding text, 
the simulation analysis now follows.

Operate UG NX, open the set-up actuator 
mechanism model, and select [start]/[motion simu-
lation] in the menu. Then single-click the right key 
in the assembly model of motion navigation, select 
[create a simulation] to create a simulation, and 
with a [motion-1] acquired, it enters the motion 
simulation mode.

First of all, assign link rods. Single-click the right 
key on [motion-1] to create link rods. With the link 
rods created, each independent space link rod has 
six degrees of freedom, and we need connect the 
link rods with kinematic pairs, which will form a 
certain constraint among the link rods, making the 
motion chain that is made up of the link rods have 
a definite motion, so as to create a mechanism.

Next, set up the sliding pair. Right-click on 
[motion-1] and then choose the sliding pair in the 
drop-down box of [create a new kinematic pair]. 
Later choose the connecting rod that needs to 
move. Using the line or the plane in its direction of 
motion as the chosen object can directly generate 
the kinematic pair, after which you can choose the 
direction of motion. Later, choose the truck mode 

to be function in the driver dialog. Then choose the 
function manager to create a new function. Choose 
the motion function in the box after inserting. Cre-
ate a STEP function and the body of this STEP 
function is STEP (time, 0, 0, 0.4, 60) + STEP (time, 
0.4, 0, 1.4, 0) + STEP (time, 1.4, 0, 1.8, −60).

When the connecting rod and the kinematic pair 
are available, create a new budget scheme. What 
needs to be noticed is that the number of steps 
should be set to 1000 steps, which is beneficial to 
the observation of the simulation result. When the 
system settlement is finished, the simulation ani-
mation is available, verifying the rationality of the 
clutch control actuator.

5 CONCLUSION

This paper introduces a AMT Clutch Actuator 
applied to full hybrid electric vehicle experimen-
tal platforms. It carries out design calculation and 
strength check and gets the basic structure and 
dimensions. It uses UG NX6.0 to design the struc-
ture and generates the three-dimensional model of 
AMT Clutch Actuator and conducts motion simu-
lation in the end, verifying the rationality of this 
clutch control actuator.
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Figure 2. Overall model of Clutch Actuator.
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Comparative study of electrical characteristics in southern, central, 
and northern areas of Jiangsu province

Cheng-chao Jiang, Pei-hong Wang & Yong-sheng Hao
Key Laboratory of Energy Thermal Conversion and Control of Ministry of Education, Southeast University, 
Nanjing, Jiangsu Province, China

ABSTRACT: This paper selects Nanjing, Changzhou, and Xuzhou as the representatives of cities in 
central, southern, and northern areas of Jiangsu province, respectively. The purpose of research is to 
discover electrical characteristics in different areas in Jiangsu province by comparing marketing data of 
Nanjing, Changzhou, and Xuzhou. Matlab is adapted to process large amounts of marketing data. The 
result shows that the average capacity in Nanjing and Changzhou is larger than that in Xuzhou. Similarly, 
the line loss rate in Nanjing and Changzhou is lower than that in Xuzhou.

Keywords: comparison; marketing data; line loss rate; average capacity

company includes parameters of every district like 
total number of electricity users, total capacity, 
number of residential electricity users, number of 
non-residential electricity users, total capacity of 
residential users, total capacity of non-residential 
users, and line loss rate. These parameters are 
first parameters, which are acquired directly by 
data system of power company. There are second 
parameters derived from first parameters, includ-
ing residential capacity ratio and average capacity. 
The second parameters are based on the following 
definitions:

Rcr
Rc

= ( )Rc Nc+
 

(1)

In Eq. 1, Rcr stands for the residential capacity 
ratio, Rc for the total capacity of residential users, 
and Nc for the total capacity of non-residential 
users.

Dc
Rc
Nr

=
 

(2)

In Eq. 2, Dc stands for the average capacity, Rc 
for the total capacity of residential users, and Nr 
for the number of residential electricity users.

Since residential capacity ratio, average capacity, 
and line loss rate can reflect, respectively, compo-
sition of electricity users, level of electricity con-
sumption, and comprehensive management level 
in electricity, these three parameters are employed 
to analyze electrical characteristics of three cities.

1 INTRODUCTION

Due to different economic development levels and 
industrial structures among regions, the electrical 
characteristics of each region are different. Taken 
the Jiangsu province as an example, area in south-
ern Jiangsu is much more economically developed 
while the industrial base of northern Jiangsu 
area is relatively weak and the first industry still 
occupies a considerable proportion in industrial 
structure. Area in central Jiangsu is in between. In 
this paper, Nanjing, Changzhou, and Xuzhou are 
selected as study samples. Nanjing is the capital 
city of Jiangsu province and also the typical city 
in central Jiangsu area; Changzhou is the typical 
city in southern Jiangsu area; Xuzhou is the typi-
cal city in northern Jiangsu area. The differences 
of electrical characteristics among these three cit-
ies reflect the differences of that in different areas 
of Jiangsu province, even China. Therefore, a com-
parative study of electrical characteristics among 
Nanjing, Changzhou, and Xuzhou is significant in 
guiding the management of electricity in different 
cities. When it comes to the electrical characteris-
tics, Wang explored the electrical characteristics 
between the different region markets in America 
by multifractal approaches (Wang 2013). However, 
there are more electrical characteristics, such as 
line loss rate and average capacity and so on, and 
differences of that among typical cities in China 
still worth studying.

This paper analyzes marketing data of December 
2015 from 94198 low-voltage districts in Nanjing, 
Changzhou, and Xuzhou. Marketing data of power 
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2 COMPARATIVE ANALYSIS OF 
ELECTRICAL CHARACTERISTICS 
OF THREE CITIES BASED ON 
AVERAGE CAPACITY

According to the marketing data from urban and 
rural power grid in three cities, scatter plots of 
average capacity-residential capacity ratio are plot-
ted by use of matlab, as shown in Figure 1.

Figure 1 depicts the distribution of average 
capacity with residential capacity ratio. Each spot 
denotes a district. It is evident from Figure 1 that 
points congregate in some certain average capaci-
ties and the distribution of points differs among 
cities. The average capacity of Nanjing urban 
districts mainly congregates in 4 kVA, 8 kVA, 
and 12 kVA while that of rural districts mainly 
congregates in 4 kVA, 8 kVA; average capacity of 

Figure 1. Distribution of average capacity with residential capacity ratio. 
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Changzhou urban districts mainly congregates in 
2 kVA, 4 kVA, 8 kVA, 12 kVA while that of rural 
districts mainly congregates in 4 kVA, 8 kVA, 
12 kVA; average capacity of Xuzhou urban dis-
tricts mainly congregates in 2 kVA, 8 kVA while 
that of rural districts mainly congregates in the sec-
tion of 1∼8 kVA. Urban districts of Nanjing and 
Changzhou have a relatively higher level of average 

capacity with lots of districts above 8 kVA, the 
whole, compared with Xuzhou. This indicates that 
Nanjing and Changzhou have much higher level of 
electricity consumption and standard of living than 
Changzhou. In addition, comparing the points of 
Nanjing and Changzhou, a significant difference 
between two cities is that Nanjing urban districts 
have a far greater proportion of pure-residential 

Figure 2. Distribution of line loss rate with average capacity. 
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districts whose residential capacity ratio are above 
0.85 than Changzhou. This indicates that indus-
tries are widespread in Changzhou. This difference 
between Nanjing and Changzhou also mirrors the 
difference in economic development model, which 
industry in Changzhou makes more contribu-
tion to local economy. The difference among rural 
power grids is basically in line with such among 
urban power grids.

3 COMPARATIVE ANALYSIS 
OF ELECTRICAL CHARACTERISTICS 
OF THREE CITIES BASING 
ON LINE LOSS RATE

Line loss rate given in this paper is in terms of gen-
eral line loss rate (Gu 2008). Line loss rate-average 
capacity scatter plots are plotted by use of matlab, 
as shown in Figure 2.

In Figure 2, Dp stands for line loss rate. Figure 2 
depicts the distribution of line loss rate with average 
capacity. In comparison with Xuzhou, line loss rate 
of Nanjing and Changzhou is relatively lower with 
line loss rate congregates in section between 0 and 
4%. However, such clustering is not discovered in 
Xuzhou, indicating higher line loss rate. In addition, 
compared with Changzhou, Nanjing has a greater 
proportion of districts with line loss rate above 5%. 
The most likely reason is that old downtown cov-
ers a large area of Nanjing where refurbishment of 
power grid is difficult to implement. Overall, the line 
loss rate from low to high in order is: Changzhou, 
Nanjing, and Xuzhou, which is consistent with 
development level of cities. This is because econom-
ically developed regions have a huge advantage in 
construction of power grid and attraction of high-
quality management personnel while the equipment 
and management capability of personnel are the sig-
nificant influences on line loss rate.

4 CONCLUSIONS

1. The level of average capacity reflects regional 
living standard and level of electricity con-
sumption. For Jiangsu province, areas in south-
ern and central Jiangsu have a much higher level 
of average capacity with lots of urban districts 
above 8 kVA while most districts in Xuzhou are 
below 8 kVA.

2. Difference in regional economic development 
model is reflected in the distribution of average 
capacity with residential capacity ratio. Take the 
difference between Nanjing and Changzhou, 
for instance, due to the strong manufacturing 
industry; districts with relatively lower residen-
tial capacity ratio in Changzhou have a greater 
proportion than Nanjing.

3. Line loss rate is consistent with development 
level of cities. For Jiangsu province, line loss 
rate from low to high in order is: Changzhou, 
Nanjing, and Xuzhou. Thus, power companies 
in southern and central Jiangsu have a much 
higher comprehensive management level in 
electricity compared with power companies in 
northern Jiangsu.
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ABSTRACT: This paper studies the major influence factors as well as the response rule of the low-
voltage district line loss based on the marketing data, providing methods support for line loss forecast 
and abnormal lines loss assessment. This paper uses the marketing data sample of the stable low-voltage 
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ples in stable district to the user number and load rate, which could be a reference for line loss forecast 
and abnormal assessment.

Keywords: line loss of low-voltage district; classification of district; load rate; total user number

on data gathered from power customer’s informa-
tion, and the number of districts of which line loss 
rate is from −1% to 5% and increase to 89.1% after 
nearly two years of efforts. The economic benefit 
is remarkable.

In order to further improve the level of line loss 
management, a reasonable line loss rate reference 
for each district and online monitoring is needed 
so that abnormal area can be discovered in time. 
Then reasons can be analyzed and management 
problems can be solved without delay. But theo-
retical line loss calculation is very difficult because 
complex low-voltage district branch circuit, 
diverse components, incomplete equipment data 
and real time need cannot be met. Therefore, how 
to quickly calculate the reasonable district line loss 
has become a hot area of current research on low-
voltage district line loss.

In this essay, the response rules between district 
average load rate, total number of user, and dis-
trict line loss rate will be studied by adopting the 
method of mathematical modeling and statistical 
theory based on the causes of line loss to provide 
a new solution to reasonable line loss calculation 
and abnormal evaluation research.

2 ANALYSIS OF DISTRICT LINE 
LOSS CAUSES

In [2], it is pointed out that low-voltage district line 
loss is usually divided into two types, the first type 
is fixed loss Δp1, which is produced once the elec-
trical device, is electrified; in general, it does not 

1 INTRODUCTION

Line loss is a very important technical-economic 
indicator for power grid enterprise, which reflects 
the planning and design of power grid, production 
technology, and operation management level[1]. 
Line loss management in low-voltage district is 
the key to line loss management for power grid 
enterprise, which involves planning, operation, 
maintenance, measure, electric charge, electricity 
inspection, and many other professions, covering 
more than 95% of the electricity users.

For a long time, although all the power supply 
enterprises attach great importance to the line loss 
management in low-voltage district, there still exist 
many problems in power marketing management 
and equipment management, such as inaccurate 
household relationship, measuring device faults, 
low meter reading quality, electric-theft, long 
power supply line, three-phase unbalance, leakage 
of electricity, poor connector contact, and so on. 
These problems are mixed with each other, which 
makes it difficult to manage and lower the line loss 
in low-voltage district.

With the construction and application of smart 
meters and electricity information collection sys-
tem, remote on time automatic meter reading of 
low voltage area metering points and user meter-
ing points can be realized, which greatly improves 
the real time and accuracy of line loss management 
in low-voltage district and effectively promotes the 
rise of level power grid operation and management. 
State Grid Jiangsu Electric Power Company started 
to manage the line loss in  low-voltage  district based 
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vary with the change in load. The second type is 
the change loss Δp2, which is in direct proportion 
to the square of the current. The loss of the low-
voltage in district is bigger if  the current is larger; 
it varies with the change of load. It is mainly pro-
duced by the resistance of the circuit itself.

Δp IΔ dt
t

2 2
0∫0

( )R))  (1)

P I Udt
t

∫ ( )
0∫∫  (2)

P is power supply volume.

ρ =
Δ Δ Δp pΔ Δ1 2

P

p IΔ Rdt

I UdtUU

t

t= ∫
∫

1 2
0∫∫

0∫∫

( )t RR

( )t
 (3)

ρ is line loss rate. Supposing that the current I(t) 
is the constant I which represents the average 
current. (3) is simplified as follows:

ρ = c + 100%0
1

I
p
P

Δpp⎛
⎝⎜
⎛⎛
⎝⎝

⎞
⎠⎟
⎞⎞
⎠⎠

×  (4)

where c0 is a constant. Fixed line loss Δp1 can 
be achieved through the electric power system 
information collection system. This paper studies 
line loss rate which gets rid of the fixed line loss, 
defined as Dp.

Dp I= ×Ic0 100%  (5)

It can be seen from (5) that line loss rate is pri-
marily related to current, and the current is closely 
associated with load. The amount of total user 
number can reflect the power supply radius to a 
certain degree, and the power supply radius deter-
mines the resistor R. This paper mainly studies the 
influence of load rate and the total user number on 
the line loss rate. The formula of load rate is:

Rl P= P ( )/( Ct ×Ct ×  (6)

where 31 means the days of a month and 24 means 
hours of a day. Ct is the transformer capacitor.

3 DATA FILTER AND CLASSIFICATION

This thesis uses the marketing data of the stable dis-
trict of which daily line loss rate does not fluctuate a 
lot in December in 2014 in Jiangsu as data  analysis. 
The data include 160932 districts, eight variables 
that are total user number N, residential number 
Nr, residential capacity Cr, non-residential capacity 
Cc, transformer capacitor Ct, power supply volume 
P, power sale volume Ps, and fixed loss Δp1.

1. Data filter is based on daily power  consumption. 
First, daily power consumption per household 
is defined by the following formula:

de P N unit×N= P (/( )310 : kW/h  (7)

The daily power consumption threshold can be 
determined by statistical distribution further 
then improper data should be deleted based on 
Figure 1. According to the sample data of the 
160932 stable districts, the lower limit of the 
daily power consumption threshold is 1.2 kW.h, 
the upper limit of the threshold is 20 kW.h. 
131893 districts are qualified.

2. Data classification is based on line loss rate. 
According to Figure 2 and Enterprise Manage-
ment standard, the lower limit and upper limit 
of  the line loss rate threshold are −1% and 5%, 
respectively. Among the 160932  districts sam-
ples in Jiangsu, 147238 districts are qualified.

3. Users in district are divided into residential users 
and non-residential users, the characteristic of 
power utilization differs a lot. The  proportion 

Figure 1. Distribution rule of power consumption per 
household—number of districts.

Figure 2. Distribution rule of line loss rate—number of 
districts.
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of residential capacitor is defined by the follow-
ing formula:

Rcr Cc Cc CC rCCCcCCCc (/( )  (8)

In this paper, the district with the feature of 
Rcr > 0.6 is defined as the resident district. In 
view of the complexity and variety of the mixed 
and non-resident district, this paper focuses on 
the resident district.

4. Many factors influence the line loss. For exam-
ple, the existence of dual structure of economic 
development of urban and rural as well as the 
difference of electrical usage between urban 
and rural residents can result in the difference 
between amounts of line loss. Meanwhile, dif-
ferences of power supply radius, distribution 
technology, and route planning can influence 
the line loss to a large degree. Therefore, the 
reasonable data can be classified as urban and 
rural by difference of regions[3].

5. Capacity of per household is defined by the fol-
lowing formula:

dc Cr N V A= / .NrN unit kVunit  (9)

It can be seen from Figure 3 that capacitor per 
household mainly falls around 4 kV.A, 8 kV.A, 
and 12 kV.A. Therefore, this paper assumes 
that 2< = dc < 6kV.A is low-type district, 
6< = dc < 10 kV.A is middle-type district, and 
10< = dc < = 14 kV.A is high-type district.

4 RESULTS AND ANALYSIS 
OF CLASSIFICATION[4]

By the elimination standard and classification con-
ditions, the results are divided into 6 classes: they 
are 3024 low-type districts in urban areas, 16417 
middle-type districts in urban areas, 2879 high-
type districts in urban areas, 31169 low-type dis-
tricts in rural areas, 47248 middle-type districts in 
rural areas, and 1846 high-type districts in rural 
areas, and the total amount is 102768.

The load rate variable is taken as an example to 
reflect the relationship between line loss rate and 
variable more effectively. First, sample space is 
sampled when the load rate is 0 and the step size 
is 0.005, if  the districts amount is less than 100 in 
the sample space, the step size is changed to 0.01, 

Figure 3. Distribution of capacitor per household—
amount of transformer district.

Figure 4. Fitting relationship figure of line loss rate—
load rate distribution.
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Figure 5. Fitting relationship figure of line loss rate—
total user number.

and so on. Dividing the classified data into sam-
ple spaces of C1, C2,…Cn, calculating the average 
load rate and line loss rate of the n sample spaces 
to replace the load rate and line loss rate of the 
sample space, and then, fitting analysis of polyno-
mial can be conducted.

4.1 Relationship between load rate 
and line loss rate

It can be seen from Figure 4(a) that among the 
stable districts in Jiangsu, change interval of  load 
rate in lower type residents is much larger than 
that of  high-type residents, and change interval 
of  load rate in middle-type residents is between 
the two above. Line loss rate is in direct propor-
tion to load rate. The Figure 4(b) shows that 
trend of  line loss rate of  stable districts in rural 
areas is familiar to that of  urban areas; the load 
rate of  lower type resident district is apparently 
less than that of  urban areas. The reason is that 
living standard in urban areas is better than rural 
areas.

4.2 Relationship between total user 
number and line loss rate

It can be seen from Figure 5(a), (b) that, on the 
whole, line loss rate increases with the rise of 
the total user number. In general, line loss rate is 
smaller if  capacity per household is bigger when 
the total number of household is the same. When 
N < 100, in rural area, line loss rate does not fluc-
tuate a lot, however, when N > 100, line loss rate 
grows with the rise of the total user number.

By comparing the influence on the line loss rate 
of load rate and total user number, it can be found 
that the influence of load rate on line loss rate is 
more apparent.

5 CONCLUSIONS

This paper analyzes the change rule of  line loss 
rate in view of  marketing data, the variables which 
are not directly related to the line loss rate; there-
fore, it is difficult to find the relationship between 
the sample variables and line loss rate. By explora-
tory research on the data sample of  the stable dis-
trict in Jiangsu, conclusions in this paper are as 
follows:

1. In general, the influence on the line loss rate of 
load rate is similar to that of total user number, 
both show positive correlation property.

2. The total number of users has a certain influ-
ence on the line loss rate; however, the mean 
points are discrete. The next step of work is to 
explore the response law of line loss rate to load 
rate in the total number of users of size classifi-
cation of cases.

3. The factors influencing line loss rate is very 
complex, a single variable cannot fully repre-
sent the change rule of line loss rate. The next 
step of work is to study the influence of the load 
rate and total number on the line loss rate at the 
same time.
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analysis and simulations.

Keywords: array preprocessing; coherent signals; DOA estimation; fourth-order cumulant

a fourth-order cumulant matrix, together with 
the well-known spatial smoothing, to obtain two 
DOA  estimators for coherent signals. Fourth-order 
cumulants usually have a few advantages over 
second-order statistics in array signal processing, 
such as the (asymptotical) insensitiveness to Gaus-
sian noise that can be used to suppress Gaussian 
noise without knowing or estimating the noise cov-
ariance and the ability of array aperture extension 
that can improve the DOA estimation resolution. 
It should be pointed out that signals are required 
to have non-zero fourth-order cumulants when 
fourth-order cumulants are used in the DOA 
estimation. The performance comparisons of the 
two DOA estimators are done by some theoretical 
analysis and simulations.

2 TWO VIRTUAL DATA MODEL GIVEN BY 
TWO PREPROCESSING TECHNIQUES

Consider L narrow coherent signals, corrupted by 
Gaussian noise, impinge from θ = [θ1, θ2, …, θL] on 

1 INTRODUCTION

The Direction of Arrival (DOA) estimation of 
coherent signals is an important problem in com-
munication and radar, since multi-path propagation 
or spot jamming often occurs in practice. The well-
known spatial-smoothing technique has proved to 
be effective for the DOA estimation of coherent 
signals, but it usually requires a  Uniform Linear 
(ULA) array with the Vandermonde  structure. On 
the other hand, Uniform Circular Arrays (UCAs) 
have been widely used in practice due to their iso-
tropic DOA estimation performance in the sense 
of Cramer-Rao bound. The spatial-smoothing 
cannot be directly applied to the array data model 
based on a UCA, and some preprocessing tech-
nique is needed.

In this paper, we focus on two preprocess-
ing techniques: the mode-space transform and 
array interpolation transform, which transform 
the raw data received by a UCA into two virtual 
uniform linear array models, respectively. Based 
on these two virtual ULA models, we construct 
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a UCA with M sensors and a radius r. The array 
data x(t) is

x A e( ) ( ) ( ) ( ), , , ..., ,sA( ) ( t), N+)s) (A( =))))))))))))))))))) 1 2,  (1)

where A(θ) = [a(θ1), a(θ2), …, a(θl), …, a(θL)], 
and a(θl) is the lth signal’s array steering vector 
with the mth element am(θl) = exp[−j(2πr/λ)cos(θl−
2π(m−1)/M)] where λ is the wave length of signals. 
s(t) = [s1(t), s2(t), …, sL(t)]T is the signal vector and 
(⋅)T is the transpose operation. Without loss of 
generality, we choose s1(t) as the reference for the 
coherent signals so that sl(t) = ρl s1(t) where ρl is the 
lth coherent coefficient and satisfies |ρl| = 1 (l = 2, 
3, …, L). e(t) is the Gaussian noise vector. N is the 
number of snapshots.

Since a(θl) in (1) has no Vandermonde struc-
ture and the spatial smoothing cannot be directly 
applied, the data model (1) should first be trans-
formed into a virtual ULA-based data model, by 
some preprocessing technique that usually is a lin-
ear transform. Denote this linear transform by T, 
which can provide us with a virtual array having 
the Vandermonde structure. Applying T to both 
sides of (1) yields

x AT s T( ) ( ) ( ) ( ) ( ), , , , ,TxTT Te) ( t N, , ...,TxT ),TeTT ( t� ))))))) 1 2,  (2)

where �A(θ) = TA(θ) is the virtual array manifold 
matrix whose lth column corresponds to the vir-
tual array steering vector of  the lth signal. In 
the literature, there are several methods for the 
design of  T. Herein, we focus on two preproc-
essing techniques: the mode-space transform 
and array interpolation transform. For clar-
ity, below we denote the mode-space transform 
and array interpolation transform as TI and TII, 
respectively.

2.1 Mode-space transform

According to the last one of the references, the 
well-known mode-space transform is derived 
mainly based on the periodicity of the electromag-
netic field excited on a UCA and then through the 
Fourier transform analysis, which is given by

T J FITT −1 1
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Jk (⋅) is the kth-order Bessel function, K is a positive 
integer satisfying 2K < M, (⋅)−1 is the matrix inverse 
operation, (⋅)H is the conjugate and transpose oper-
ation. When applying TI to the data model (1), the 
virtual array manifold matrix is
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2.2 Array interpolation transform

The first step for designing an array interpolation 
transform is to determine the form of the virtual 
array that we assign to the given real array. As is 
done in the literature, we assume the form of the 
virtual array is a uniform linear array of M’ sensor 
elements with the element interval of λ/2. The sec-
ond step is to divide the field of view of the array 
into a few sectors and select out one or several sec-
tors that cover the real DOAs θ. Then we determine 
a grid of angles within the selected sectors and fig-
ure out the real array manifold matrix and the vir-
tual array manifold matrix on the grid. At last the 
array interpolation transform matrix is designed by 
the real and virtual array manifold matrices.

For example, we divide the whole field of view 
(0°, −360°) into a few sectors (let us say each sec-
tor has an angle range of 50° or 60°) and select 
out the sector that covers the real DOAs θ and is 
denoted by Θ. Define a grid within Θ with the step 
Δθ (The step is usually set to 0.5° or 1°.): Θ = [Θ0, 
Θ0 + Δθ, Θ0 + 2Δθ, …, Θ1], where Θ0 and Θ1 are two 
endpoints of Θ. Denote the real array manifold 
matrix and the virtual array manifold matrix on 
the grid as A(Θ) = [a(Θ0), a(Θ0 + Δθ), …, a(Θ1)] and 
�A(Θ) = [ �a (Θ0), �a (Θ0+Δθ), …, �a (Θ1)], respectively. 
Then the array interpolation transform matrix can 
be designed by

T BIITT 1/2( )B B ,H HB1/2)B  (5)
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where B = (A(Θ)AH(Θ))−1A(Θ)ÃH(Θ). When 
applying TII to the data model (1), the real array 
manifold matrix A(θ) is in principle mapped into 
the column span of  the virtual array manifold 
matrix:

� � � �A aIIA II II l II LII( ) [ (a�II ) ( ), ..., ( )l ( )L ]
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,,  (6)

where K′ = (M′−1)/2 or K′ = M′/2, depending on 
M′ is even or odd, and d = λ/2. Note that in view 
of the symmetric structure of a UCA, we specially 
endow the virtual ULA in the array interpolation 
transform with a center symmetry.

2.3 Comparison of two preprocessing techniques

It is clear that AI (θ) given by the mode-space 
transform and �AII (θ) given by the array inter-
polation transform both have the Vandermonde 
structure and therefore satisfy the application 
condition of  the spatial smoothing technique. 
However, it is also obvious that the two virtual 
arrays corresponding to �AI (θ) and �AII (θ), respec-
tively, are quite different, since �a I(θ) is related to θ 
via the expression jkθ (k = −K, …, K) while �aII(θ) 
is related to θ via the expression j2πdk′sin(θ)/λ 
(k′ = −K′, …, K′). In general, the array interpo-
lation transform can be used for many array 
structures including UCAs and nonuniform lin-
ear arrays, while the mode-space transform can 
only be applied to UCAs as it is derived from the 
periodicity of  the electromagnetic field excited 
on a UCA. On the other hand, the array inter-
polation transform requires a priori that the 
selected sector Θ should cover the real DOAs θ. 
This a priori knowledge can be provided by some 
beamforming technique in practice. In contrast, 
the mode-space transform needs no such a priori. 
In addition, since the mode-space transform and 
the array interpolation transform are both lin-
ear transforms, the noise term Te(t) in (2) is still 
Gaussian and can be suppressed by fourth-order 
cumulants in principle. Therefore, the noise term 
in (2) is ignored below with no ambiguity.

3 THE CONSTRUCTION OF CUMULANT 
MATRIX FOR THE DOA ESTIMATION

Before constructing cumulant matrix, we sum-
marize briefly the process of using fourth-order 
cumulants, along with spatial smoothing, to han-
dle our DOA estimation problem based on the two 
virtual data models given by the two preprocess-
ing techniques. We first rewrite (2) in another form 
to facilitate the analysis and derivations below. 
Since sl(t) = ρls1(t), l = 2, 3, …, L, (2) can be refor-
mulated as

y A d( ) ( ) ( ), , , ..., ,sddA( ) t), N=(sdd) t)A(� ))))))))))))))))) 1 1 2,  (7)

where d = [1, ρ2, ρ3, …, ρL]T. In order to apply spa-
tial smoothing, we then divide the vector y(t) into 
Q subvectors yq(t) = �Aq(θ)ds1(t), q = 1, 2, …, Q, 
where the length of yq(t) is P and �Aq(θ) is the 
matrix formed by the first (P+q−1) rows of �A(θ). 
For yq(t), q = 1, 2, …, Q, Q fourth-order cumulant 
matrices are constructed. At last, we average these 
Q cumulant matrices and use MUSIC DOA esti-
mation method to obtain coherent signals’ DOA 
estimates. Given below is the construction of a 
cumulant matrix.

The cumulant matrices, denoted by Cq for yq(t), 
are constructed as follows:

Cq

y y y

y y
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cy cy

q qy q
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� � �

(( ) (yc� , ) ( , )

(( ) (yc� , ) ( ,

11 1,

1 2, 2 )P, )))

( , ) ( , ) ( , )

,
� � � �

� ( � �c (� ( P( c (� Py y( , )( yq qy q
1) ( ,) P()

⎡

⎣

⎢
⎡⎡

⎢
⎢⎢

⎢
⎢⎢

⎢
⎢⎢

⎢
⎣⎣

⎢⎢

⎤

⎦

⎥
⎤⎤

⎥
⎥⎥

⎥
⎥⎥

⎥
⎥⎥

⎥
⎦⎦

⎥⎥
 (8)

where the scalar �cyq
(m,n) is

�c n

cum y y y y

E y y y E y

y

qm qn K

qm qn K

q
( ,m )

( ,yqm yK )

y y yqm K{ }y y y y {

* *

* *

=

= E y y y yK

1 1yKy +Ky

1 1yyy +Kyy qmqq K qn

qm K qn

qm qn K

yK y y

E y yK E

E y y Eqn y

−

−

1Ky y +qn Kqn

1E +qn Kqn

} {EE }

{ qmy yK { }y y 1Ky y +Kqn

{ }qmy yqn {

* *

* *E} {
*

+++1 1+y* }.

and cum(yqm, y*
qn, yK+1, y*

K+1) is the fourth-order 
cumulant of (yqm, y*

qn, yK+1, y*
K+1). yqm is the mth 

element of yq(t) and yK+1 is the (K+1)th element 
of y(t).

Cq in (8) satisfies

C Aq qA H q QA q� �
1 1A qAAA 1 2( ) ( ), q ,)D AHD A1D AqDD AA)) ( ))))) ))))))  (9)

where
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The diagonal matrix Φ is diag (e jθ1θθ , e jθ2θθ , ..., 
e j LθLL) and diag (e j− π θ1θθ , e j− π θ2θθ , …, e j L− π θLi ) in 
the mode-space transform and the array interpola-
tion transform, respectively. Φq is the product of q 
Φs. Since Dq is a rank-one matrix, Cq is rank defla-
tion and we average all Cq as
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to recover the rank. The computation complexity 
of C is moderate at the cost that it has no charac-
teristic of the virtual array aperture extension.

4 SIMULATIONS

Consider two coherent signals impinge from 
θ = [20°,35°]T on a UCA with 16 sensors. The radius 
of the UCA is equal to the wavelength of the sig-
nals. The number of snapshots is set to 5000.

In the first test, the Signal-To-Noise Ratio 
(SNR) is set to 10 dB. The DOA estimation results 
of two DOA estimators based on two preprocess-
ing methods are shown in Figure 1. Figure 1 shows 
that the estimation result based on the mode-space 
transform has a sharper peak than that based on 

the array interpolation transform. In addition, 
Figure 1 shows that the estimator based on the 
mode-space transform has a little bias, while the 
estimator based on the array interpolation trans-
form gives an obvious bias. The actual reason of 
the estimation bias phenomenon is not disclosed 
yet and needs to be studied in future. Monte-
Carlo simulation is done in the second test, and 
SNR varies from 3 dB to 13 dB with the step 1 dB. 
The Root-Mean-Square Error (RMSE) curves of 
the DOA estimates by two estimators are shown 
in Figure 2. The statistical results in Figure 2 also 
indicate that the DOA estimates based on the 
mode-space transform outperforms those based 
on the array interpolation transform.

5 CONCLUSIONS

This paper has studied two preprocessing tech-
niques, i.e., the mode-space transform and array 
interpolation transform, for the DOA estimation 
of  coherent signals based on a uniform circu-
lar array in the fourth-order cumulant domain. 
Using two virtual ULA models given by the two 
preprocessing techniques, we have constructed 
a fourth-order cumulant matrix, together with 
the well-known spatial smoothing, to obtain two 
DOA estimators for coherent signals. The per-
formance comparison of  the two DOA estimators 
have been done by some theoretical analysis and 
simulations.
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Adaptive low-voltage ride-through of DFIG based on crowbar 
with PDR and unloading protection circuit
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ABSTRACT: Crowbar circuit has become one of the most commonly used measures of the low-voltage 
ride-through technology. The traditional crowbar using fixed resistance is very difficult to suppress both 
rotor current and DC bus voltage and also cannot shorten the crowbar’s input times and working time. 
Aiming at this problem, this paper analyzes the influence of crowbar and the DC side unloading protec-
tion circuit on rotor current and DC bus voltage when the Doubly Fed Induction Generator (DFIG) 
fails, and proposes an LVRT scheme of DFIG in which coordinates control the crowbar with a Parallel 
Dynamic Resistor (PDR) and unloading protection circuit. Combining to the transient process of DFIG, 
an adaptive control strategy for the scheme and the resistance setting method are formulated. The model 
of DFIG is built by Simulink, and the LVRT characteristics of the crowbar with PDR and unloading 
protection circuit are simulated during the voltage drop deeply, which are compared with the scheme of 
traditional crowbar with fixed resistance.

Keywords: crowbar; unloading protection circuit; adaptive control; Parallel Dynamic Resistor

DC bus voltage and the control of the Crowbar 
input duration in the voltage drop significantly, a 
comprehensive scheme of low-voltage ride-through 
about DFIG, which, based on the parallel resist-
ance of the Crowbar and the unloading circuit 
coordinated control, is proposed in this paper, and 
adaptive control strategy for parallel resistance and 
unloading circuit and the tuning method of the 
resistance are made with combination of DFIG 
transient process to realize the adaptive control of 
Crowbar parallel resistance and unloading circuit. 
By using the MATLAB/Simulink software plat-
form to build model, the scheme for the simulation 
is analyzed.

2 RESISTANCE SETTING

2.1 Unloading protection circuit 
and crowbar with PDR

Since the increase in DC bus voltage lags the rotor 
current during the fault, the initial failure should 
first consider the problem of the rotor overcurrent. 
So the crowbar invested without PDR is to reduce 
the decay time constant of the rotorτr and control 
the overcurrent. When the DC bus voltage rises to 
its threshold value, the PDR and unloading protec-
tion circuit should be put to protect the capacitor. 
This method could suppress both the rotor current 
and DC bus voltage.

1 INTRODUCTION

Environmental pollution and energy crisis have 
become a global problem; wind energy as a renew-
able clean energy finds favor with people, in which 
the wind turbines have great development.

A series of influence will be caused for the large-
scale integration of wind power, and the capacity 
which wind turbine occupies in the power grid 
increases year by year. When the point voltage is 
dropped, if  wind farms with large installed capacity 
are all off  network, serious and even power system 
collapse may be caused, then the LVRT capability 
is required [1,2]. The method used is the most com-
mon one to improve the low-voltage ride-through 
capability of DFIG and increase the crowbar cir-
cuit in the rotor side or DC unloading circuit [3,4], 
but the suppression of rotor current and DC bus 
voltage cannot be both taken into account in the 
crowbar circuit of traditional or unloading circuit. 
Protection scheme of crowbar circuit and unload-
ing circuit coordination has been proposed in the 
literature [5], to a certain extent, inhibition to the 
over current in the rotor and the bus over voltage 
are both considered, but when the voltage falling 
further, low voltage ride through capability needs 
to be improved.

Considering the traditional DFIG Crowbar cir-
cuit using a fixed resistance, it is difficult to give 
consideration to suppress the rotor current and the 

ECECS15_Book.indb   21ECECS15_Book.indb   21 10/27/2015   6:58:25 PM10/27/2015   6:58:25 PM



22

2.2 Crowbar resistance and parallel dynamic 
resistance

The rotor equivalent circuit of considering the 
crowbar with parallel dynamic resistance is shown 
in Figure 2: During a fault, the rotor current is 
denoted by iri

r (detailed derivation can be seen in 
reference [6]):
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The resistance setting of RCB and RPDR should be 
considered the most serious fault occurring when 
three-phase short circuit and the voltage drop depth 
is (U2 = 0). Rotor fault current peak appeared in the 
post fault about T/2. In equation 1, with Udc_th, T/2 
and 0 instead of ur

r ( ) , t and U2, we can obtain:
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where the equivalent resistance of the rotor is 
R R RrequRR r CRR BCC+RrRR .

So the maximum value of rotor voltage is 
expressed as follows:
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In the protection scheme, since the main objec-
tive of investing crowbar at fault initial is to 

 suppress the rotor current, the RCB is tuning with 
the following principles: The rotor voltage 

g
ur

r
max

is controlled within Udc_th, and the RCB could take a 
larger value. When the crowbar and PDR are both 
input, the equivalent parallel resistance RCBRR′  is as 
follows:

R
R R

R RCBRR CBRR PDR R

CBRR PDR R

′ =  (4)

If  the crowbar and PDR are both input at t1 
time, it should focus on suppressing DC bus over 
voltage. In order to suppress the better, the rotor 
voltage maximum ur

r
max  should be controlled 

within 0.2Udc_th when tuning the RPDR:

iri
r R UCBRR dcU th0 2( )t1tt ≤′ . _  (5)
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 (6)

2.3 DC unloading resistance

DC unloading circuit can effectively reduce the DC 
voltage fluctuations in the grid voltage drop, and 
improve DC capacitor life. For large-scale wind 
power systems, the DC capacitor of relatively large 
capacity, high cost makes it more meaningful to 
improve service life. By control of unloading circuit 
mainly by the input, the output of the active power 
and the DC side voltage, and through calculation 
and judgment, these data to determine whether the 
unloading circuit needs to be committed.

The control equation of DC bus voltage is:

1
2

2
C

dU
dt

P P PdcU
inPP outPP= PPP = Δ .  (7)

where C is the capacitance, Udc is the DC bus volt-
age, and Pin and Pout are the active power of DC 
input and output.

Figure 1. Crowbar with the PDR and unloading pro-
tection circuit.

Figure 2. Rotor equivalent circuit.
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According to the energy conservation, the 
unloading resistance is as follows:

R
U

PdR dcU th= _

maPP x
.

2

Δ
 (8)

3 ADAPTIVE CONTROL STRATEGY

Scheme of parallel resistance and unloading circuit 
coordinated control is as follows:

1. When the rotor current Ir exceeds its threshold, 
input the crowbar circuit, and lock the rotor 
side converter RSC;

2. When the DC bus voltage Udc reaches its thresh-
old, access parallel dynamic resistance RPDR, 
and the unloading circuit; when Udc falls below 
the threshold, disconnect RPDR and unloading 
circuit;

3. When the Udc is below threshold and rotor cur-
rent Ir down to its return value, remove crowbar.

4 SIMULATION

The fault simulated is a serious three-phase 
grounding at the export bus of DFIG which begins 
at t = 0.05 s and clears at t = 0.25s, and the  voltage 
dip is 0.8 p.u. The simulation result is shown in 
Figure 4, and two schemes are able to effectively Figure 4. The simulation result of two schemes.

Figure 3. Adaptive control strategy.
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inhibit the increase in rotor current, but the DC 
bus voltage suppression effect under the crowbar 
scheme of fixed resistors is obviously insufficient 
and leads to voltage limit and the recovery slower. 
The Crowbar scheme with parallel resistor can 
effectively balance the rotor current and DC bus 
voltage. It makes the crowbar input less number 
and invest less time while the DC bus voltage is 
lower than 1380V. So this scheme can reduce the 
uncontrolled time of DFIG and decrease the reac-
tive power absorbing from the grid, which is con-
ducive to the recovery of the system voltage. By 
comparing the LVRT index, as it shows, when volt-
age sag seriously, the effect of LVRT with parallel 
resistor crowbar and unloading circuit coordina-
tion control is better.

5 SUMMARY

The scheme of LVRT based on a parallel resist-
ance and unloading circuit coordinated control is 
presented in this paper. Besides, the adaptive con-
trol strategy is developed by combining with the 
transient process of DFIG, and the tuning method 
of crowbar resistance, shunt resistance, and DC 
unloading resistance is given. The problem that the 
traditional crowbar cannot give consideration to the 
control of the rotor current and the DC bus volt-
age of the DFIG voltage drop is solved. According 
to the simulation analysis of different schemes, the 
results verified the effectiveness of the proposed 
scheme, when the voltage drop is serious, the crow-
bar input frequency and investment of time can be 
reduced, to reduce doubly fed wind turbine asyn-
chronous operation time, thus delaying the deterio-
ration of the voltage and being conducive to the 
recovery of the stability of the system.
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Research on the influence of load rate on district line loss rate in 
different areas of Jiangsu province

Guo-dong Gu
Jiangsu Electric Power Company, Nanjing, Jiangsu Province, China

ABSTRACT: Jiangsu Province can be divided into south, middle, and north three parts, the relationships 
between district load rate and district line loss rate of the three parts are different due to their different 
geographical locations, different levels of economic development and different power network structures. 
In order to investigate the difference, methods like classification and curve-fitting were used in this paper 
to get the relationship between district line loss rate and district load rate of Changzhou,  Nanjing, and 
Xuzhou based on the marketing data provided by Jiangsu Electric Power Company.  Similarities and 
differences were found by making a comparison among the three areas which can be instructive for the 
power company to realize fine management of regional power grid.

Keywords: district line loss rate; load rate; marketing data; comparison

The district line loss rate (Dp) is defined as 
follows:

Dp Ps
P

=  (2)

where P is the power supply volume of a month, 
and Ps is the power actually consumed by users in 
a month.

Among the district parameters referred above, 
the load rate (Rl) and line loss rate (Dp) are 
dynamic parameters which are significant for 
daily management of district line loss. Therefore, 
in order to investigate the different relationships 
between district line loss rate and district load rate 
of southern, middle, and northern part of Jiangsu 
province, representative city of each region is 
selected. Different influences of load rate to line 
loss rate can be found out by making a comparison 
among the three cities based on their marketing 
data.

2 SAMPLES AND INSTRUCTIONS

Changzhou, Nanjing, and Xuzhou City were, 
respectively, selected as the typical cities of south-
ern, middle, and northern regions of Jiangsu 
 province. Firstly, marketing data of the three cities 
were pretreated to exclude the abnormal districts. 
After that, according to previous studies, the dis-
trict average capacity of the users has the charac-
teristic of concentration distribution in partitions. 

1 INTRODUCTION

Power consumption information collection sys-
tem is an important part of  building the smart 
grid (Hu 2014). Some developed countries in 
Europe and America have already done some 
deep research in this field (Hart 2008, Farhangi 
2010). This information collection system can 
effectively improve the marketing management 
level of  power companies (Chen 2011). The mar-
keting data got from the system include many 
parameters that can indicate the power demand 
as well as management level of  a transformer dis-
trict, namely the number of  users (N), load rate 
(Rl), line loss rate (Dp), power supply volume (P), 
transformer capacity (Ct), and the average capac-
ity of  the users (dc).

The number of users (N) can reflect the size of 
the transformer district. District load rate (Rl) is 
the average load rate of a month which is defined 
as follows:

Rl P
Ct

= ×/( )24 30  (1)

where P is the power supply volume of a month, Ct 
is the transformer capacity, 24 means the hours of 
one day and 30 means the days of a month.

District load rate (Rl) can reflect if  the trans-
former was selected appropriate or not, in other 
words, Rl can reflect whether the installed capacity 
of the transformer matches the demand capacity 
of the district.
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 Therefore, in order to eliminate the influence of 
average capacity to district line loss rate, urban 
districts as well as rural districts were divided into 
several types according to the concentration distri-
bution situation of average capacity (Table 1), and 
in each type of districts the influences of load rate 
to line loss rate will be compared among the three 
cities.

According to Table 1, districts are generally 
divided into three types based on the size of aver-
age capacity. The district that has a lower average 
capacity belongs to the low dc type while that has 
a higher average capacity belongs to the high dc 
type and the others belong to the middle dc type; 
as for the division result, in urban power grid, 
both Nanjing and Changzhou can be divided 
into low, middle, and high average capacity three 
parts while Xuzhou can only be divided into low 
and middle two parts. In rural power grid, only 
Changzhou can be divided into low, middle, and 
high average capacity three parts while Nanjing 
and Xuzhou can only be divided into low and mid-
dle average capacity two parts. The average capac-
ity reflects the consumption level of residents and 
it is concluded that the southern part of Jiangsu 
province has the highest electricity consumption 
level while the northern part of Jiangsu province 
has the lowest electricity consumption level.

3 INFLUENCE OF LOAD RATE 
ON LINE LOSS RATE

Figures 1–6 are the Dp-Rl fitting relationships in 
different dc levels of the three cities. Figures 1–3 
are for the urban power grid and Figures 4–6 are 
for the rural power grid. Statistical line loss rate 
still includes fixed line loss rate and changing line 
loss rate though the data has been pretreated. And 
fixed line loss rate is inversely proportional to load 
rate while changing line loss rate is proportional 
to load rate. Therefore, the trend of the curve is 

Table 1. Divided range of the three cities.

City

Average 
capacity 
level (dc)

Urban 
power grid 
[kVA]

Rural 
power grid 
[KVA]

Nanjing Low  3∼7  3∼6
Middle  7∼11  6∼9
High 11∼14 –

Changzhou Low  1∼7  2∼6
Middle  7∼11  6∼10
High 11∼14 10∼14

Xuzhou Low  1∼5  1∼6
Middle  7∼11  6∼9

Figure 1. Dp-Rl fitting relationships in low dc level of 
the three cities in urban power grid.

Figure 2. Dp-Rl fitting relationships in middle dc level 
of the three cities in urban power grid.

Figure 3. Dp-Rl fitting relationships in high dc level of 
the three cities in urban power grid.
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related to the different proportions of fixed line 
loss rate and changing line loss rate (Sun 2012). As 
a general rule, district line loss rate has a down-
ward trend followed by an upward trend with the 
increase in load rate.

In urban power grid, to low dc districts, the line 
loss rates of the three cities have an upward trend 
with the increase in load rate and the load rate has 
a larger influence on line loss rate in Xuzhou; To 
middle dc districts, the line loss rate of Changzhou 
increases significantly while the other two cities’ 
line loss rate changes slightly. To high dc districts, 
the load rate is lower and the highest load rate 
of Changzhou is only 0.1. When the load rate is 
lower than 0.1, the line loss rate of Nanjing and 
Changzhouhasa downward trend for fixed line loss 
rate is the dominant factor. However, when the 
load rate is higher than 0.1, the dominant changes 
to changing line loss rate and the line loss rate of 
Nanjing have an upward trend.

In rural power grid, to low dc districts, the load 
rate has almost no influence on line loss rate; to 
middle dc districts, the line loss rates of the three 
cities have a slight upward trend with the increase 
in load rate and the load rate has a larger influence 
on line loss rate in Xuzhou and Nanjing; to high dc 
districts, only Changzhou has enough districts that 
belong to this type. The line loss rate of Changzhou 
has a downward trend when load rate is lower than 
0.05 followed by an upward trend when load rate is 
higher than 0.05 with the increase in load rate.

4 CONCLUSIONS

In order to get the different relationships between 
district line loss rate and district load rate of south-
ern, middle and northern part of Jiangsu province, 
Changzhou, Nanjing, and Xuzhou were selected 
as the typical cities, respectively. First, relation-
ships are obtained by doing some classification 
and curve fitting based on the marketing data of 
the three cities. Then some regional characteristics 
of district line loss rate in southern, middle, and 
northern parts of Jiangsu province are inferred as 
follows:

As a general rule, the district line loss rate has a 
downward trend followed by an upward trend with 
the increase in load rate. This is mainly caused by 
different proportions of fixed line loss rate and 
changing line loss rate under different load rates.

1. For urban power grid:
Among the low dc districts, Rl of northern part 
of Jiangsu has a larger impact on Dp while 
in southern and middle part the influence is 
smaller. To middle dc districts, Rl of southern 
part of Jiangsu has a larger impact on Dp, while 

Figure 4. Dp-Rl fitting relationships in low dc level of 
the three cities in rural power grid.

Figure 5. Dp-Rl fitting relationships in middle dc level 
of the three cities in rural power grid.

Figure 6. Dp-Rl fitting relationships in high dc level of 
the three cities in rural power grid.
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in the other two parts the influence is smaller. 
To high dc districts, the influence of Rl on Dp 
in the middle part of Jiangsu is larger than the 
southern part of Jiangsu.

2. For rural power grid:
To low dc districts, the load rate of the three 
parts of Jiangsu has almost no influence on line 
loss rate; To middle dc districts, the load rate has 
a larger influence on line loss rate in northern 
and middle part of Jiangsu; To high dc districts, 
comparison cannot be made for only southern 
part of Jiangsu has enough districts that belong 
to this kind.

Besides, district load rate of urban power 
grid has a larger impact on district line loss rate 
while in rural power grid the influence is smaller. 
This may be caused by different user type distri-
butions as well as network  constructors. More 
work need to be done to investigate the real 
reasons.

The conclusions above may be instructive for 
power companies to realize fine management of 
regional power grid.
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ABSTRACT: For the chaotic synchronization problem, a sampled-data synchronization controller is 
designed. The discontinuous error system was transformed to a discrete-time system by the Euler approxi-
mate discrete method. The faults in controller are considered also and based on the Lyapunov stability 
theory as well as the Linear Matrix Inequality (LMI) optimization technique, the sampled-data fault tol-
erant synchronization is proposed. Furthermore, the proposed synchronization control method is applied 
to the Chua’s circuit and the validity is confirmed by numerical simulation.
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In [5], the fault tolerant synchronization of chaotic 
gyroscope systems versus external disturbances 
and faults is investigated and two techniques are 
considered as control methods. The robust fault-
tolerant control problem against network faults 
and time-delays of a class of nonlinearly coupled 
chaotic systems are addressed in [6], an adaptive 
sliding mode control strategy is proposed. In [7], 
the fuzzy sampled-data controller, which contains 
a state feedback controller and a fault compensa-
tor is designed. In [8], an adaptive SMC approach 
to the robust synchronization control problem for 
a class of chaotic systems with actuator faults and 
saturation has been proposed.

Recently, with the development of high-speed 
computers and microelectronics, the sampled-
data control systems attract widespread attentions 
which are used to produce a discrete-time control 
signal [11–13]. However, there is few work taking 
both the sampled-data control and the controller 
faults into account, which is practical significance 
and it is the motivation of the present study.

In this paper, for the chaotic synchronization sys-
tem, the sampled-data controller is proposed. The 
controller faults are considered, then a fault tol-
erant synchronization method is investigated. The 
sufficient conditions are obtained to guarantee the 
synchronization of the master and slave systems 
based on LMI. Chua’s circuit is chosen to illustrate 
the effectiveness of the proposed approach.

1 INTRODUCTION

Chaotic system is a complex nonlinear system with 
many interesting features. Since 1990s, chaotic 
synchronization phenomena have been found in 
various fields, and received extensive attention of 
the researchers. Recently, various synchronization 
control methods have been reported [1–10].

Because the faults on sensors, actuators, and 
components can occur in chaotic system inevita-
bly, it is necessary to design the fault tolerant syn-
chronization controller for chaotic system. Very 
recently, several methods are proposed to increase 
the reliability of that kind of system [1–8]. In [1], 
a fuzzy controller is used to generate the fault tol-
erant control signal, and the proposed method is 
successfully applied to the chaotic model-tracking 
control between Lorenz system and Rossler system. 
In [2], a reliable feedback controller is established 
to guarantee synchronization between the master 
and slave chaotic systems even though some con-
trol component (actuator) faults occur. In [3], the 
impulsive robust fault-tolerant feedback control 
problem is discussed for chaotic Lur’e systems. 
The sufficient condition of uncertain Lur’e sys-
tems possessing integrity against actuator faults is 
given. In [4], the author proposed a fault-tolerant 
master-slave synchronization method by using time 
delay feedback control. Some new delay-dependent 
criteria are derived to satisfy the synchronization. 
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2 PROBLEM FORMULATION

Consider the following master and slave chaotic 
systems,

Master system: �x A BgB tm mAx m( )tt ( )t ( (xm ))= AxmAx (t  (1)

Slave system: F�x A BgB t us sx s( )tt ( )t ( (xs )) ( )t= AxsAx (t  (2)

where g( )  is a known nonlinear function; uF(t) is 
the fault controller which is described as follows

u MuF( )t ( )t=  (3)

where M diadd g m m mn{ ,m , , }1 2m,  is the actua-
tor fault matrix with the following property, 
0 1i i i

min max , i l, , ,… . When the 
ith actuator has no faults, m mi immi

,,
n mm ax =mim 1 ; when 

the ith actuator is disabled, m mi immii n mm ax =mim 0 ; when 
the ith actuator has partial faults, 0 1i . u( )t  is 
designed as the following sampled-data controller

u K t t t tm kt s kt k kt t( )t (xm( (x ) (xs )),tt= K (x < ≤tt +1  (4)

where tk is the sampling instant, define the follow-
ing notations

M diad g m m n0 0M dM iadd g m 1 0m 2 0m{ ,m0m 1 }  (5)

H diadd g h h hnhh , , }1 2hh,hh  (6)

G diadd g g g gn{ ,g }1 2g,  (7)

G diadd g{ }g g gngg  (8)

where m g i i0 0gi i i ig i 0=( )mmim i+mmim /2) ( )m m i0m mi mmm / ,m i0))max mm+ in  
h m m mi ih i im i+)m mim i−mim /( ),max mm in max mm+ in

g
 According to 

(5)–(8), we can get

M M G H IM ≤H0MM ( )I GI ,  (9)

By Euler approximation discrete method, the 
discontinuous system can be transformed as

x T A Im s m s( )kk + +T AsTT ( ) ( )x km() = )x T BgsTTm (kk (xm  (10)

x T A I T us s s s sTT( )kk + +T AsTT ( ) ( )x ks k + ( )k() = )x T BgsTTs (kk (xs
F

 (11)
u k MK x k x km skF( )k (xm(x ) (xsx ))k= MK (x )

where Ts is the sampling period of the controller. 
Defining the synchronization error as

e k x k x km sx( )k )kk ( )k= −x )k  (12)

Then we get u MKeKKF ( )k ( )k= , and the synchro-
nization error system is described as

e k e k B k( )k ( )A K ( )k)k ( )k=) +e)K )k η  (13)

where η( ) ( ( )) ( ( )), ,g) k( g( k A)), T A I B,m s( )) (k( g( s−( ))g k( = +T ATT =
T B K T MKs sT BT K TT, .

Assumption 1: The nonlinear function g(⋅) of 
chaotic system (1) and (2) is satisfied in the follow-
ing inequality at the interval [0, ρ]

0 ≤
( )

=
( ) ( )

≤
η

ρi i(η

i

i i( i i) i

i

d ei y

d ei

g d(i i( e d+ i y g) −) d yi

d ei

T

T

T Te d+ T

T

,
 (14)

Lemma 1: For any appropriate dimension matri-
ces X, Y, and a real symmetric positive definite 
matrix R, the following inequality holds:

XY Y XRX Y R Y+ ≤Y X + −T TXX T TY+ 1  (15)

3 MAIN RESULTS

Theorem 1 For given positive constant ε, 
the error system (13) is asymptotically stable by 
the reliable synchronization controller (12), if  there 
exists Λ = ≥diag nh

{ , , }λ λ, λn1 2, λλ, 0, positive-definite 
matrices P and any appropriate dimension matrix 
Q such that the following inequality holds

−

−
−

−
−

⎡

⎣

⎢
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⎢
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⎢
⎢⎢

⎢⎣⎣
⎢⎢

⎤

−

P D A T K H

P PM

I
I

s sTTρ −DD εA P T QsT QT

εPP

ε
εII

T T T−P T Q T KεP T Q T

T

Λ 1

0MM
1

0

2 0B PTΛ 0
0

0*

⎦⎦

⎥
⎤⎤

⎥
⎥⎥

⎥
⎥⎥

⎥
⎥⎥

⎥
⎥⎥

⎥
⎥⎥

⎥⎦⎦⎦⎦
⎥⎥

< 0

 (16)

where A T A I B T Bs sI B TTT AsTT A , . The controller gain 
matrix can be calculated as K M P Q−

0MM 1 1PP T.
Proof: Consider the following discrete Lyapu-

nov function for the error system (13)

V e Pe( )k = ( )k ( )kT  (17)

where P P= >PT 0, then we can get

ΔV e A K A K e k

e PB

B

( )k A= e − K

+ e

+

T Tk A K
T Tk

T Tk B

( )k)kkk [( ) (PT ) ]P ( )k

( )kkkk ( )K−AA KA ( )k

( )kk

2 η((

ηTT PBPP η( )kη  (18)

According to Assumption 1, for any 
Λ = ≥diag nh

{ , , }λ λ, λn1 2, λλ, 0, we have

0 2η ρTη Λ( )−η ρρ  (19)
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Combining (18) with (19), we obtain

Δ ( )k ( ) ( )kξΘΘξ ( )k ((Tξ  (20)

where

Θ
Λ

Λ
=

+

−

⎡

⎣
⎢
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⎢⎣⎣
⎢⎢

⎤

⎦
⎥
⎤⎤

⎥⎦⎦
⎥⎥

( ) ( )

( ) ( )− ( )

*
,

− P( P−) − PB D

B PB

T T( ) ( )P( P) T

T

T T( )

ρDD

η( )ξ ( )( e) = T TT( )

2

( )kk⎡⎣ ⎤⎦⎤⎤
T

.

Define
T T T T

Ψ
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P D PT T Q T K H

P PM
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 (21)

From Theorem 1, we have Ψ < 0. According to 
Schur Complement, we have

Φ
Φ Λ

Φ
= −

−⎡

⎣

⎢
⎡⎡

⎢
⎢⎢

⎢
⎢⎢
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⎤

⎦

⎥
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⎥
⎥⎥

⎥⎦⎦
⎥⎥

11

33

2 0Λ ⎥ <
*

ρ A P T QsTTT T

T  (22)

where Φ Φ11
1 2

33 =Φ33 − +P 1 K HK Psε T TH ,  
εPM0M0

TP. Use Lemma 1 and 2, the following 
inequality holds
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 (23)

where Ε13 0= − −A P T Q T K G M0 Ps sT QT TTT TP T Q T K T TM . Let 
Q K M PT T

0M  and substitute M MM0MM ( )I GI  
and K T MKsTT  to (23), we can get the following 
inequality
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P D P
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( )A K−ρDDT T

T2 0Λ ⎥ <B PT  (24)

According to lemma 2, the following inequality 
holds,

Θ
Λ

Λ
=

+

−
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ρDD

2
0

 (25)

Because Θ is negative, then we can get ΔV k( )k < 0, 
the error system (13) is asymptotically stable. Then 
we can get the conclusion that the master system 
and slave system can achieve synchronization.

4 NUMERICAL SIMULATION

In this section, the Chua’s circuit is chosen to 
illustrate the effectiveness of the proposed sam-
pled-data synchronization controller. First, we set 
parameter ε = 1 and M diadd g{ . , , }3. 1 0, .

The error states are shown in Figure 1, the error 
system can become stable, i.e. the controller can 
synchronize the master and slave chaotic systems 
when faults occur in the controller. The outputs of 
the controller are shown in Figure 2.

Finally, we will show the effectiveness of the 
proposed controller when there are not any faults 
in the controller. From Figures 3 and 4, we can 
see that the chaotic systems are synchronous and 
the synchronization time is less (about 0.5s) than 
the case with faults.

In conclusion, the proposed fault-torrent con-
troller can achieve the synchronization of chaotic 

Figure 1. Curve of the error system without controller 
faults.

Figure 2. The output of the controller without faults.
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Figure 3. Curve of the error system with controller 
faults.

Figure 4. The output of the controller with faults.

systems no matter whether the faults occur in the 
controller or not and the result in Proposition 1 is 
the special case of the Theorem 1.

5 SUMMARY

Considering some faults in controller, the synchro-
nization based on sampled-data control between 
the master and slave chaotic systems is investigated. 
First, by the Euler approximate discrete method, 
the discontinuous chaotic synchronization control 
plant is transformed into equivalent discrete-time 
system. Second, based on the Lyapunov stability 
theory and the LMI optimization technique, the 
sufficient conditions are proposed to guarantee 
synchronization for the chaotic systems. Finally, 
some numerical simulations are provided to dem-
onstrate the necessity and effectiveness of our pro-
posed synchronization method in this paper.

ACKNOWLEDGEMENTS

This work is partially supported by the National 
Natural Science Foundation of China (61473073, 

ECECS15_Book.indb   32ECECS15_Book.indb   32 10/27/2015   6:58:38 PM10/27/2015   6:58:38 PM

  

http://www.crcnetbase.com/action/showImage?doi=10.1201/b19362-9&iName=master.img-002.jpg&w=180&h=118
http://www.crcnetbase.com/action/showImage?doi=10.1201/b19362-9&iName=master.img-003.jpg&w=180&h=118
http://www.crcnetbase.com/action/showLinks?crossref=10.1016%2Fj.isatra.2011.07.002
http://www.crcnetbase.com/action/showLinks?crossref=10.1049%2Fiet-cta.2007.0366
http://www.crcnetbase.com/action/showLinks?crossref=10.1049%2Fiet-cta.2007.0366
http://www.crcnetbase.com/action/showLinks?crossref=10.1109%2FTCSI.2008.2006218
http://www.crcnetbase.com/action/showLinks?crossref=10.1109%2FTCSI.2008.2006218


33

Electrical, Control Engineering and Computer Science – Liu (Ed.)
© 2016 Taylor & Francis Group, London, ISBN 978-1-138-02937-8

Multi-interval schedule of economic dispatch for cogeneration systems
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ABSTRACT: The purpose of this paper is to solve a time-scheduling dispatch of cogeneration sys-
tems by considering the environmental protection. The fuel consumption and steam generation for a real 
cogeneration system will first be measured. Curve fitting method will then be used to get the I/O (Input/
Output) curve of boilers, I/O cost curve of multi-fuels, and I/O cost curve of steam turbine. By using the 
relation between the fuels input and steam generation output, the emission models are derived in this 
paper. The objective function includes fuel cost, emission cost, and tie-line energy cost, subject to the 
use of mixed fuels, operational limits, and emission constraints. The Sequential Quadratic Programming 
(SQP) was used to solve the objective function by considering the Time-of-Use (TOU) and operational 
constraints. Results can provide a practical model for the cogeneration systems to solve the multi-interval 
schedule of economic dispatch problem.

Keywords: cogeneration systems; Time-of-Use; economic dispatch

Liquid Nature Gas (L.N.G.), and coal are avail-
able for dispatch at various cost bases. The opti-
mal operating strategy determines the optimal 
distribution among the in-plant generation, 
fuels dispatch, and energy purchase to minimize 
the overall energy cost for a given electric and 
steam demand while satisfying the overall system 
constraints.

In this paper, the fuel consumption and steam 
generation will first be collected. Curve fit-
ting method will then be used to get the Input-
Output(I/O) curve for the heat input and the 
steam generation output. Multi-Fueled unit 
model was formulated to get the I/O curve for 
a unit burning mixed fuels. The emission model 
is presented as a function of  fuel enthalpy. This 
paper will also consider the connection of  the 
cogeneration system and utility company regard-
ing the TOU rate [13]. The objective of  optimal 
operation is to minimize the overall cost, which 
mainly includes fuel cost, emission cost, and 
tie-line power interchange cost while satisfying 
all constraints. The time-scheduling dispatch of 
cogeneration systems is a nonlinear problem. In 
this paper, Sequential Quadratic Programming 
(SQP) [14] was adopted to solve the optimal 
problem. Results can be shown that reasonable 
solutions provide a practical and flexible frame-
work for cogeneration systems.

1 INTRODUCTION

Cogeneration systems which are known as 
 Combined Heat and Power (CHP) had now been 
extensively utilized by the industry. It offers a 
reliable, efficient, and economic mean to sup-
ply both thermal steam and electric power. The 
thermal steam and electric power generated 
from the cogeneration systems can be transmit-
ted to buyer.  Cogeneration systems bring some 
significant advantages due to the environmental 
aspects. It is a distributed energy sources, which 
can sell simultaneously the industrial thermal 
and electrical demand. It can also be constructed 
in urban areas and used as a distributed energy 
resources in the micro-grids [1–3]. In the last dec-
ades, consolidated cogeneration solutions had 
been developed and used in industrial applica-
tions [4]. Applications of  cogeneration systems 
are still growing, more experience will be needed 
regarding the efficient operation for more energy 
saving.

To operate cogeneration systems more effec-
tively, an efficient operational strategy has to 
be developed. At past, many papers had been 
published about cogeneration systems [5–12]. 
 Cogeneration systems have to operate very effi-
ciently to minimize its cost according the system 
schedule.  Various fuels, such as Fuel Oil (F.O.), 
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2 PROBLEM FORMULATIONS

The proposed algorithm was tested on a practical 
cogeneration. It contains 5 back-pressure steam 
turbine, 1 extraction condenser steam turbine, and 
6 steam boilers. The fuels including F.O., L.N.G., 
and coal were used in each boiler for producing 
high-pressure steam. It is required to assess the 
economic and operational benefits through opti-
mal steam loading allocation among boilers and 
turbines. Models determination for optimal opera-
tion evaluation as follows.

2.1 I/O cost curve of boilers

It is assumed that the I/O curve of a boiler is a 3-rd 
order polynomial, we have

F A A M A M A M
i

biFF bi o bA i bA i bA M i( )MbiM
, , ..

= AA × MM × MbM ×
=

bAA i AbM 2 AA 3

1 2, 6
 (1)

where

Fbi (Mbi): Enthalpy of the i-th boiler at i-th bus 
(MBTU/H).

Mbi: Steam output of the i-th boiler at i-th bus(T/H).
A A A AoA , A ,1 2AA A,A 3AA : Coefficients of the I/O operation 

curve.

With mixed fuel used, a proper modification 
will be needed. The dual-fueled unit model was for-
mulated in [15]. Equation (2) is used to represent a 
unit burning three fuels simultaneously. We have

F t F t tbTFF b bt FF b( (MbM )) ( (M )) ( ( ) ( )
( )t )

/

/

F tbFF (MM ))
+

1 1tb( (MbM )) (t(MM )) 21/ 2

1 3/ 3

λ ηt( ) λ
η λ×/1 3// 33  (2)

where

F tbTFF b( (MbM )): Total enthalpy at t-th interval 
(MBTU/H).

F tb bFF ( (MbM )): Enthalpy of fuel 1 at t-th interval 
(MBTU/H).

η1 2ηη / : The efficiency ratio of fuel 1/fuel 2.
η1 3ηη / : The efficiency ratio of fuel 1/fuel 3.
λ λ λ1 2λλ 3λλ(λ2λ ), ( )t(λ2λλ : The mixed ratio of fuel 1,2, and 

3 at t-th interval.
With λ λ λ1 2λλ 3 1(λ2λ ) (λ3λλ )t(λ2λ t)t(λ2λλ =

The I/O cost curve of boilers can be described by

FBC F t BCT bCC FF T b TCC( )tt (bM( (M )))) ( )tt= FFF (MbM  (3)

BC BC BCTCC ( )t ( ) ( )t( )t ( )tBC (t1 1CCC 2 2 3 3CCλ λBC( )t + ×BC1 2 2×× λ3

 (4)

where

FBCT(t): The total operation cost of the boilers at 
t-th interval (NT$)

BCT(t): The total cost of fuel mixture at t-th 
interval(NT$/MBTU)

BC1, BC2, BC3: The cost of fuel 1, 2, and 3 (NT$/
MBTU).

2.2 I/O operation curve of steam turbines

For back-pressure turbine generator, the power 
equation for turbine i can be formulated by [16]

P K K M K M igiPP oi i mi i mi+KoiK + =K M imiM1K MK i mM i + KKK 2 1 2 5, ,2 ....,  (5)

For extraction-condense turbine generator, the 
power equation for turbine i can be written by [16]

P K K M K M igiPP oi i mi i wi+KoiK + =K M iwiMM1K MK i mM i + KKK 6  (6)

where Mmi is the medium pressure extraction flow 
of i turbine. Pgi is the generated electric power from 
turbine i; KoiK i i,K1 2KK Ki KKK i  are coefficients of turbine i 
which can then be found by curve fitting technique 
with field data.

2.3 Emission model

Two primary emissions are sulfur dioxide (SOx) 
and nitrogen oxides (NOx). Emission models may 
be defined as the amount of fuel consumed or as a 
function of boiler steam. The emission model with 
mixed fuels can be formulated by

E

F

SiE

bTFF iTT

( ) ( )S i i S i i S i i( )tt ( )t( )t ( )ti+ (t

×

S SS Sii iii ii

� ( )MbM i i( )tt (iλ ttt ti), (i )λ λ( )t2 3iλ i )tt  (7)

E

F

NiE

bTFF iTT

( ) ( )N i i N i i N i i( )tt ( )t( )t ( )ti+ (t

×

N NN Nii iii ii

( )M tbM i i( )tt (iλ ),)) ( )λ λ( )2λλ (i i3( ),( ), t())),  (8)

ESiE ( ): The amount of pollutant SOx for the i-th 
boiler at the t-th interval (T/h).

ENiE ( ) : The amount of pollutant NOx for the i-th 
boiler at the t-th interval (T/h).

FbTFF iTT ( ) : Total enthalpy for the i-th boiler at the t-th 
interval (T/h).

γ γS iγγ N i1γi Nγ : The emission factor of SOx and NOx 
with oil for the i-th boiler (T/Mbtu).

γ γS iγγ N i2γi Nγ : The emission factor of SOx and NOx 
with LNG for the i-th boiler (T/Mbtu).

γ γS iγγ N i3γi Nγ : The emission factor of SOx and NOx 
with coal for the i-th boiler (T/Mbtu).

λ λ λ1λλ 3λλi i2 it(λ i2λλ2λ i2λλ ), ( )t : The mixed ratio of fuel 1, 2, 
and 3 for the i-th boiler at t-th interval.

2.4 The model of economic dispatch

The model of economic dispatch needs to meet the 
steam demand of in-plant process and  electricity. 
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Table 1. The Time-of-Use rates (TOU Rate).

Electricity sale 
price (NT$/kwh) Utility Buy-

back Price 
NT$/kwhLevel-1 Level-2

Peak period 3.04 2.7480 3.04
Semi-peak period 1.83 1.5767 1.83
Off-peak period 0.69 0.4729 0.69

Level-1: power exported under 20% rated capacity.
Level-2: power exported over 20% rated capacity.

The objective function included fuel cost, emis-
sions cost, and interchange cost in the multi-inter-
val schedule as shown follows.

MinCii
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 (9)

CS and CN are the charged pollution emission 
fee for SOx and NOx. ( )t  is the TOU rates 
[13] as shown in Table 1. PtiPP e ( )t  is the electricity 
purchased from or sold to the utility and τ  is 
the time interval. The solutions of  the objective 
function must meet the operational constraints. 
The constraints have equality constraints (power 
balance, steam balance for boilers, turbine, and 
industrial process) and inequality constraints 
(boilers, steam turbine, power generation, and 
emission limit).

3 SIMULATION RESULTS

The proposed algorithm was tested on a practical 
cogeneration. It contains 5 back-pressure steam 
turbine, 1 extraction condenser steam turbine, 
and 6 steam boilers. The emission limits for SOx 
and NOx are 0.9T/H and 0.5T/H, respectively. 
In this paper, the Sequential Quadratic Program-
ming (SQP) [14] was adopted to solve the optimal 
problem. SQP solve a sequence of optimization 
problems. Each problem is optimized a quadratic 
model of the objective subject to the linear con-
straints. SQP is an efficient and powerful algorithm 
to appropriately solve this nonlinear problem. The 

detail formulations for SQP is described in [14]. In 
our study case, there are 44 variables, 13 equality 
constraints, and 5 inequality constraints. All pro-
grams were written with Matlab Toolbox Soft-
ware. An IBM PC with Intel i3–3240 CPU and 4 
DRAM is used in our test. The CPU time in the 
24-hr scheduling dispatch is about 12.3 sec. with 
emission constraints and 10.1 sec. without emis-
sion constraints, respectively.

Figure 1 shows the relationships of  genera-
tions, load, and purchased power in the 24 hr 
dispatch. From the Figure 1, due to the price of 
purchased power in the peak interval is higher 
than the generating cost, the output of  cogen-
eration systems thus increases from 63.7 MW 
to 92.95 MW and the power is brought from 
65.21 MW to 31.55 MW when the semi-peak 
interval is changed to the peak interval. Simi-
larly, due to the price of  power in the off-peak 
interval is cheaper than the generating cost, the 
output of  cogeneration systems is reduced from 
94.19 MW to 62.8MW and the power is brought 
from 28.42 MW to 60.10 MW.

Figure 2 shows the optimal generations of 
generators in the 24-hours schedule. Because 
Pg1∼Pg5 are the back-pressure steam turbines, 
they are the lack of  flexibility in the operational 
schedule. Pg6 is the extraction condenser steam 
turbine, which adjust power generations to 
achieve the optimal dispatch of  the cogeneration 
systems.

Figure 3 shows the operational cost of the 24 hr 
scheduling dispatch. Due to the cost of purchas-
ing power during the peak interval is more than 
the cost of purchasing power during semi-peak 
interval/off-peak interval, its operating cost will be 
greater. From the Figure 3, the operating cost in a 
daily dispatch is about 4520240 NT$ by  considering 

Figure 1. The relationships of generations, load, and 
purchased power.
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Figure 4 shows the relationship between emis-
sions and operation cost. The emissions and 
operation cost are often conflict. Figure 4 shows 
cost-emission trade-off  curves during the peak 
period. It provides the utility planners a wider 
range of alternatives showing the effects of vari-
ous pollutants. Instead of using maximal allowable 
limits for emission as constraints, an appropriate 
strategy can be chosen to meet the desired level of 
emission and cost. If  the environmental require-
ment is the higher, the relative amount of emis-
sion will be reduced and operating cost is relative 
increased.

4 CONCLUSIONS

This paper presents an optimal approach to solve 
a multi-scheduling dispatch of cogeneration sys-
tems by considering the environmental protection. 
By considering the Time-of-Use(TOU) between 
cogeneration systems and utility companies, the 
Sequential Quadratic Programming (SQP) was 
used to solve this problem. The optimization can 
handle the trade-off’s between cost and emis-
sion with multi-fuel dispatch. The simulation also 
shows that the TOU rate significantly affects the 
overall operational cost. It also provides a practical 
and flexible framework for evaluating the emission 
control.
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emission constraints and the operating cost is 
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ABSTRACT: Partial coupling multi-parallel transmission lines on the same tower are widely used in 
power grid, but current location methods cannot achieve accurate fault location due to the structural 
complexity of partial coupling multi-parallel transmission lines. In this paper, according to the decou-
pling method of multi-parallel transmission lines, the voltage and current interface equations of coupling 
demarcation point are constructed to connect with the regions of lines. Then, based on the interface 
equations, fault analysis is performed to find out the characteristics for fault region determination of the 
partial coupling four-circuit transmission lines. Further, fault region determination criterion is proposed, 
and fault location equations of each fault region are constructed respectively to present a fault location 
algorithm of partial coupling four-circuit transmission lines. Finally, the simulation model for transmis-
sion lines is constructed with ATP-EMTP. As demonstrated by the analysis results, the proposed scheme 
can achieve accurate fault location in partial coupling multi-parallel transmission lines.

Keywords: multi-parallel transmission lines; fault location; fault region determination

using decoupling algorithms, such as six-sequence 
component method and fault location frequency 
domain method of double-circuit transmission lines 
[8]–[10], twelve-sequence component method and 
fault location frequency domain method of four-
 circuit transmission lines [11], [12], and fault location 
method of multi-parallel transmission lines based 
on single-terminal electric quantities [13]. These 
methods can offer plenty of practicable schemes, 
but only apply to multi-circuit transmission lines 
completely on the same tower. However, in most 
cases, four-circuit transmission lines partially share 
a tower, while the rest are double-circuit or single-
circuit. That is to say, partial coupling four-circuit 
transmission method connects with three, four or 
more terminals of power grid.  Consequently, the 
fault analysis and fault location in multi-parallel 
transmission lines are very complex.

As proposed in Refs. [14]–[16], in fault branch 
determination and fault location schemes for three 
different double-circuit T connecting lines, each 
circuit line directly connects at t node, namely the 
line voltage of circuit line is equal to each other 
at t node. In contrast, for partial coupling multi-
parallel transmission lines, electromagnetic cou-
pling occurs at the demarcation point, which can 

1 INTRODUCTION

Due to the demand of transmission capacity and 
the lack of channel resources, multi-parallel trans-
mission lines on the same tower are widely used in 
power grid to increase the transmission capacity 
per line unit and reduce the cost of electric power 
 construction. In complex power grid, fault location 
is very important to repair fault lines, recover power 
supply and ensure the safe, stable and economical 
operation of power system. Currently, fault location 
methods mainly include travelling wave [1]–[3] and 
fault analysis, of which fault analysis can be further 
divided into frequency domain method [4], [5] and 
time domain method [6], [7]. Frequency domain 
method bases on fault power frequency electri-
cal quantities and long line equation. It requires a 
long data time window, but has high accuracy and 
 stability. Time domain method bases on the Bergeron 
model and electric instant quantities. Compared 
with frequency domain method, it requires a shorter 
data time window and a higher sampling frequency. 
Besides, its accuracy is easily influenced by the inter-
ference of high frequency components.

With the spread of multi-parallel transmission 
lines, there appear many fault location methods 
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result in unequal line voltage. Because of the great 
structural difference, the fault location schemes of 
T connecting lines are generally not suitable for 
partial coupling multi-parallel transmission lines. 
In view of this, this paper proposes a fault analysis 
and fault location frequency domain algorithm for 
partial coupling four-circuit transmission lines con-
necting three-terminal system. Firstly, based on the 
decoupling method of multi-parallel transmission 
lines, the voltage and current interface equations of 
coupling demarcation point are constructed to con-
nect with the regions of lines. Then, based on the 
interface equations and using three-terminal fault 
voltage and current, their equal directional and 
circulating components are extracted, and the volt-
age of demarcation point is obtained with long line 
equation. Further, through analyzing the character-
istics for fault region determination of the partial 
coupling four-circuit transmission lines, the fault 
region determination criterion is presented, and 
the fault location equations of each fault region are 
constructed respectively to present a fault location 
algorithm of partial coupling four-circuit trans-
mission lines based on three-terminal electrical 
 quantities. Finally, the simulation model for trans-
mission lines is constructed with ATP-EMTP.

2 DECOUPLING METHODS FOR MULTI-
PARALLEL TRANSMISSION LINES

This paper adopts the concept of decoupling 
methods proposed in Ref. [11]. For the four-
 circuit transmission lines with square shape, with 
 un-transposition between the lines and with uni-
form transposition between the lines, we first make 
three-phase conductor equal to a single one and 
then analyze it, namely we regard 12 lines as four-
parallel system. Thus, we can obtain the decoupling 
transform equation of four-circuit transmission 
lines based on the sagami transformation matrix 
of four-parallel system:
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where �Y I , �Y II , �Y III  and �Y IV  respectively denote 
three-phase electrical quantitises (voltage or cur-
rent) of I, II, III and IV-circuit lines. Eq. (1) 
divides four-circuit coupling electrical quantitises 
into 4 separate modulus components, i.e., �Y e, �Y f , 
�Y g  and �Y h, of  which �Y e is the equal directional e 

component with four-line overlap, and �Y f , �Y g  
and �Y h respectively denote circulating f, g and h 

components with four-line loop mutually. The 
single-line symmetrical components transform 
decouple phase-to-phase among coupling modu-
lus three-phase lines. Thus, 12 separate modulus 
components can be obtained.

Similarly, with regard to decoupling methods for 
double-circuit transmission lines, we make three-
phase conductor equal to a single one and then 
analyze it. Namely, we regard six lines as double-
parallel system, and then obtain the decoupling 
transform equation of double-circuit transmission 
lines based on the sagami transformation matrix 
of double-parallel system:
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The electrical quantities can be divided into 
two separate modulus components. One is an 
equal directional component, and the other is a 
circulating one. Then, based on the symmetrical 
component method, modulus components can be 
decoupled among three phases to achieve six sepa-
rate modulus components.

3 MODULUS COMPONENT INTERFACE 
MODEL OF COUPLING DEMARCATION 
POINT IN PARTIAL COUPLING FOUR-
CIRCUIT TRANSMISSION LINES

Figure 1 shows a model of three terminal partial 
coupling four-circuit transmission lines, in which 
the transmission lines connects with a three-
 terminal system. M, J and K are the terminals. 
Point D is the coupling demarcation point. Line 
DM is the four-circuit coupling region and its 
length is LDML  (positive-sequence wave impedance 
and propagation parameter are respectively ZDMZ1  
and γ DMγ 1γγ ). Line DJ and DK are double-circuit 
coupling regions and their lengths are respectively 
LDJL  and LDKL  (positive-sequence wave impedance 
and propagation parameter for DJ are respectively 

Figure 1. Three terminal partial coupling four-parallel 
transmission lines.
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ZDJZ1  and γ DJγ 1γγ , and those for DK are respectively 
ZDKZ1  and γ DKγ 1γγ ).

When a fault occurs in partial coupling four-
circuit transmission lines, it may locate in different 
coupling regions. Accordingly, the correspond-
ing fault analysis grid is different. Fault analysis 
depends on coupling region. This paper only uses 
the positive-sequence component of each modu-
lus component during fault analysis, fault region 
determination and fault location. The equal direc-
tional and circulating components of voltage and 
current respectively denote equal directional and 
circulating positive-sequence components. The 
positive direction of current quantities is defined 
as the direction from nodes to lines.

Decoupling the four-circuit and double-circuit 
transmission lines by Eqs. (1) and (2), each modulus 
voltage of terminals M, J and K can be obtained as: 
�UMU e1 , �UMU f 1, �UMU g1, �UMU h1, �UJU e1, �UJU f 1, �UKU e1, �UKU f 1. The modulus 

current flowing into line from each terminal can 
be set as: �IMI e1 , �IMI f 1, �IMI g1, �IMI h1, �IJI e1, �IJI f 1, �IKI e1, �IKI f 1. Each 
modulus voltage of coupling demarcation point D 
is different for different analysis regions. In Line 
DM: �UDU e

( )DM
1 , �UDU f

( )DM
1 , �UDU g

( )DM
1 , �UDU h

g
( )DM
1
gg

; In Line 
DJ: �UDU e

( )DJ( )
1 , �UDU f

( )DJ( )
1 ; In Line DK: �UDU e

( )DK( )
1
(

, �UDU f
( )DK( )
1 . 

Analogously, each modulus current flowing into 
line from point D: �IDI e

( )DM
1 , �IDI f

( )DM
1 , �IDI g

( )DM
1 , �IDI h

gg
( )DM
1

gg
, 

�IDI e
( )DJ

1 , �IDI f
( )DJ
1 , �IDI e

( )DK
1 , �IDI f

)

( )DK
1 .

According to the long line equation of transmis-
sion lines, the modulus voltage of point D, Line 
DM and modulus current flowing into line DM 
from point D can be deduced from each modulus 
voltage and current of terminal M:
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where, only when there is no fault in line DM, 
�U UDU m

DU m
( )M ( )DM
1 1

yy
�U m  and �I IDI m

DI m
( )M ( )DM
1 1�I m .

Similarly, the modulus voltage of point D, Line 
DJ and modulus current flowing into line DJ from 
point D can be deduced from each modulus volt-
age and current of terminal J:
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where, only when there is no fault in line DJ, 
�U UDU m

DU m
( )J ( )DJ
1 1

yy
�U m  and �I IDI m

DI m
( )J ( )DJ
1 1�I m .

The modulus voltage of point D, Line DK and 
modulus current flowing into line DK from point 
D can be deduced from each modulus voltage and 
current of terminal K:
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where, only when there is no fault in line DK, 
�U UDU m

DU m
( )K ( )DK
1 1

yy
�U m  and �I IDI m

DI m
( )K ( )DK
1 1�I m .

From Eqs. (1) and (2), the modulus voltage and 
current interface equations of point D, Line DM 
are constructed by Lines DJ and DK:
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The interface equations of point D, Line DJ are 
constructed by Lines DM and DK:
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The interface equations of point D, Line DK 
are constructed by Lines DM and DJ:
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4 FAULT REGION DETERMINATION 
METHOD OF PARTIAL COUPLING 
FOUR-CIRCUIT TRANSMISSION LINES

4.1 Determination criteria of fault region

If  a fault occurs in Line DM, �U UDU m
DU m

( )J ( )DJ
1 1�U m  and 

�U UDU m
DU m

( )K ( )DK
1 1�U m . Combined with Eq. (6), we can 

obtain:
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If  a fault occurs in Line DJ, we can obtain:
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From Eqs. (6) and (15), we can obtain:
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If  a fault occurs in Line DK, similarly, Eq. (14) 
can be obtained.

By comparison, from Eqs. (12) and (14), no mat-
ter whether a fault occurs in Line DM, the symbols 
of g modulus inequality are the same. Conse-
quently, g modulus inequality cannot be used in 
fault region determination. But the symbols of e, 
f  and h modulus inequality relate to fault regions, 
so that they can be used in fault region determina-
tion. The criterion that a fault occurs in Line DM 
is as follows:
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If  the fault region is not Line DM, from Eq. (5), 
the true values �UDU e

( )DM
1  and �UDU g

( )DM
1  of modulus e 

and g can be deduced from terminal M.
From Eq. (6), we can obtain:
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Because equal directional voltage of fault line is 
smaller than that of the perfect line, the assistant 
criterion that a fault occurs in Line DJ is:

�U UDU e
DU e

( )DJ ( )DK
1 1�U e  (17)

If  it cannot accord with Eqs. (15) and (17), the 
fault occurs in Line DK.

4.2 Criterion screening conditions

When faults across lines occur in the phases with 
the same name, at least one of the three circulat-
ing components does not exist. Then, one of the 
circulating component criteria in Eq. (15) is out of 
work. Especially, when fault occurs in four lines at 
the same time, three criteria are all out of work. 
At this moment, only equal directional component 
criteria are effective. Therefore, to avoid the inter-
ference of failure criteria, three above criteria must 
be screened in advance in order to choose the most 
effective criterion.

When faults across lines occur in the phases with 
the same name, at least one of the three circulating 
components does not exist, namely the circulating 
component with minimal voltage. The differences 
before and after the fault are small. Therefore, the 
minimal circulating component criteria may cause 
misjudgment easily, so that it must be weeded out. 
The circulating voltage of point D before the fault 
can be regarded as the reference value to measure 
circulating component. Here, the circulating volt-
age of point D before the fault can be achieved by 
circulating current of terminal M based on Eq. (3), 
and that after the fault is the larger one between 
| |( )

�
D(
f 1  and 0 11. |5 |( ) ( )

� 1U U1
( )D(U (

f
D(U f  in Eq. (15). 

Respectively set UseU t f  and UseU t h.  as 1.5 times of f  
and h modulus voltage in point D and Line DM 
before the fault, and we can obtain:

max UseU t f.( ),( ) ( ) ( )
� �U U, . U ( )D(

f
D(U f

D(U (
f1 1�U f 1. +  (18)

max .UseU t h.( ),( ) ( ) ( )
� �U U, . U ( )D(

h
D(U f

D(U (
f1 11 �U f0 5. −  (19)

If  it accords with Eq. (18), circulating compo-
nent f  is very small, thus weeding out circulating 
component f  criterion in Eq. (15); if  it accords 
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with Eq. (19), circulating component h criterion in 
Eq. (15) can be weeded out.

In addition, if  a fault occurs near point D, all 
criteria values are close to 0, and the sensitivity is 
very low. In view of this, the sensitivity of each cri-
terion should be assessed in order to choose the 
modulus criterion with the highest sensitivity for 
judgment. According to Eq. (15), the larger the dif-
ference between 0 1 1

q ( )q ( )
. |5 |( ) ( )

� 1U U1
( )D(U (

m
D(U m  and | |( )

�
D(
m1  

is, the more sensitive the criterion is. Define KSeK n m.  
as the difference degree between two values of 
modulus m criterion in Eq. (15):

KSeK n m.

max

min
=

( )U U UD
m

DU m
DU m

( )M ( )J ( )K,UDU )M +U m

( )U UD
m

( )M ,UDU )M
�� 11 0 5 DDDU m

D
mUD( )J ( )K

1 1mU+
 (20)

where m e f h, f . The larger KSeK n m.  is, the more 
sensitive the criterion is. Thus, we can choose the 
modulus criterion with the largest value of KSeK n m.  
for judgment.

5 FAULT LOCATION OF THREE-
TERMINAL PARTIAL COUPLING 
FOUR-CIRCUIT TRANSMISSION LINES

When the fault region is confirmed, based on the 
long line equation, fault location equations of 
three-terminal partial coupling four-circuit trans-
mission lines can be achieved.

If  the fault region is Line DM, namely the fault 
occurs at a distance of x to terminal M, modulus 
voltage and current of point D and Line DM can 
be obtained from Eqs. (4), (5), (6) and (7). Based 
on the voltage and current of each terminal to the 
fault point, and considering the same voltage of 
both sides of the fault point, the fault location 
equation can be obtained:

� �

�
U ch I h

U ch L x
MU m

DM M
m

DM DM

DU m
DM DML

1 1ch 1 1Z 1

1 1ch

( )x ( )xDM
1

[ (DM )]( )DM

γ γI Z shDM MI DMZ1Z)xDM ( D
11

γ −LDML=U chU

−−− �I Z sh L x− f g hDI m
DMZ DM DML( )DM [ (DM )] ( ,m e= ,g )1 1Z 1γ D

 (21)

If  the fault region is Line DJ, namely the fault 
occurs at a distance of x to terminal J, modulus 
voltage and current of point D and Line DJ can be 
obtained from Eqs. (3), (5), (8) and (9). The fault 
location equation is:

� �

�
U ch I h

U ch L x
JU m

DJ J
m

DJ DJ

DU m
DJ DJL

1 1ch 1 1Z 1

1 1ch
( )x ( )xDJ

1

[ (DJ )]( )DJ

γ γI Z shDJ JI DJZ1Z)xDJ ( D
11

γ −LDJL=U chU

−−− �I Z sh L x− fDI m
DJZ DJ DJL( )DJ [ (DJ )] ( ,m e= )1 1Z 1γ D  (22)

If  the fault region is Line DK, namely the fault 
occurs at a distance of x to terminal K, modulus 
voltage and current of point D and Line DK can 
be obtained from Eqs. (3), (4), (10) and (11). The 
fault location equation is:

� �

�
U ch I h

U ch L x
KU m

DK K
m

DK DK

DU m
DK DKL

1 1ch 1 1Z 1

1 1ch
( )x ( )xDK

1

[ (DK )]( )DK

γ γI Z shDK KI DKZ1Z)xDK ( D
11

γ −LDKL=U chU

−−− �I Z sh L x− fDI m
DKZ DK DKL( )DK [ (DK )] ( ,m e= )1 1Z 1γ D  (23)

After the fault region is determined, the fault 
distance can be obtained through solving the corre-
sponding fault location equations. Thus, fault loca-
tion algorithm of three-terminal partial coupling 
four-circuit transmission lines can be achieved.

6 SIMULATION, ANALYSIS 
AND VERIFICATION

To verify the fault location algorithm of three-
terminal partial coupling four-circuit transmission 
lines, this paper uses ATP/EMTP to construct a 
model of three-terminal partial coupling four-
 circuit transmission lines as Figure 1 shows. 
The line model uses J. Marti frequency depend-
ent model. The voltage level is 220 KV. The 
lengths of each line are as follows: LDM = 100 km, 
LDJ = 100 km and LDK = 80 km. The fault simu-
lations for different types of fault and transition 
resistance are set in different fault positions of Line 
DM and DJ. Firstly, the phasor filter algorithm 
proposed in Ref. [8] is employed to extract power 
frequency phasor of each phase voltage and cur-
rent, which can eliminate the influence of decay-
ing DC component and increase the accuracy of 
power frequency fault component. Then, the fault 
location algorithm proposed in this paper and the 
traditional double-terminal fault location method 
that ignores the influence of partial line coupling 
are respectively used to calculate the fault location. 
Table 1 and Table 2 show the fault location conse-
quence of metallic fault and high resistance single-
phase ground fault (200 Ω), respectively. In Table 1 
and 2, the observation point of fault position and 
fault location consequence is terminal M, and cou-
pling demarcation point D is located at a distance 
of 100 km to terminal M. IAG denotes A-phase 
ground fault in line-I, IAIIBCG denotes A-phase 
ground fault in line-I and BC-phase ground fault 
in line-II, and so on.

From Table 1, for the metallic ground fault, 
the maximum error of the traditional method 
is 1.31 km, while that of our proposed method 
is 0.69 km. Besides, the fault region determina-
tion consequences are all correct in the proposed 
method.
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Table 1. Results of fault location of metallic fault.

Fault position
Fault 
type

Region 
determination 
result

Proposed method Traditional method

X (km) Error (km) X (km) Error (km)

The distance 
to terminal 
M (Line DM)

1 km IAG DM 0.74 −0.26 0.66 −0.34
IABG DM 0.75 −0.25 0.68 −0.32
IABC DM 0.77 −0.23 0.7 −0.3
IAIIAG DM 0.74 −0.26 0.65 −0.35
IAIIBCG DM 0.77 −0.23 0.7 −0.3

10 km IAG DM 9.49 −0.51 9.5 −0.5
IABG DM 9.55 −0.45 9.57 −0.43
IABC DM 9.58 −0.42 9.59 −0.41
IAIIAG DM 9.5 −0.5 9.5 −0.5
IAIIBCG DM 9.59 −0.41 9.59 −0.41

50 km IAG DM 49.49 −0.51 49.7 −0.3
IABG DM 49.31 −0.69 49.44 −0.56
IABC DM 49.36 −0.64 49.42 −0.58
IAIIAG DM 49.47 −0.53 49.69 −0.31
IAIIBCG DM 49.59 −0.41 49.73 −0.27

90 km IAG DM 89.74 −0.26 89.6 −0.4
IABG DM 89.91 −0.09 89.7 −0.3
IABC DM 89.86 −0.14 89.63 −0.37
IAIIAG DM 89.72 −0.28 89.55 −0.45
IAIIBCG DM 89.9 −0.1 89.65 −0.35

99 km IAG DM 98.92 −0.08 98.34 −0.66
IABG DM 98.97 −0.03 97.74 −1.26
IABC DM 98.98 −0.02 97.69 −1.31
IAIIAG DM 98.88 −0.12 98.22 −0.78
IAIIBCG DM 99.02 0.02 98.24 −0.76

The distance 
to terminal 
M (Line DJ)

101 km IAG DJ 100.84 −0.16 100.71 −0.29
IABG DJ 101.04 0.04 101.46 0.46
IABC DJ 100.83 −0.17 101.23 0.23
IAIIAG DJ 100.35 −0.65 100.62 −0.38
IAIIBCG DJ 100.84 −0.16 100.71 −0.29

110 km IAG DJ 109.55 −0.45 109.63 −0.37
IABG DJ 110.01 0.01 109.99 −0.01
IABC DJ 109.92 −0.08 109.87 −0.13
IAIIAG DJ 109.53 −0.47 109.44 −0.56
IAIIBCG DJ 109.91 −0.09 109.39 −0.61

150 km IAG DJ 150.06 0.06 150.44 0.44
IABG DJ 150.53 0.53 150.56 0.56
IABC DJ 150.4 0.4 150.41 0.41
IAIIAG DJ 150.08 0.08 150.31 0.31
IAIIBCG DJ 150.39 0.39 150.16 0.16

190 km IAG DJ 190.31 0.31 190.5 0.5
IABG DJ 190.58 0.58 190.59 0.59
IABC DJ 190.46 0.46 190.45 0.45
IAIIAG DJ 190.31 0.31 190.45 0.45
IAIIBCG DJ 190.45 0.45 190.37 0.37

199 km IAG DJ 198.99 −0.01 199.05 0.05
IABG DJ 199.07 0.07 199.05 0.05
IABC DJ 199.07 0.07 199.04 0.04
IAIIAG DJ 198.99 −0.01 199.05 0.05
IAIIBCG DJ 199.05 0.05 198.99 −0.01
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Table 2. Results of fault location of high resistance.

Fault position
Fault 
type

Region 
determination 
result

Proposed method Traditional method

X (km) Error (km) X (km) Error (km)

The distance 
to terminal 
M (Line DM)

1 km IAG DM 1.01 0.01 2 1
IABG DM 0.74 −0.26 0.92 −0.08
IABC DM 0.78 −0.22 0.45 −0.55
IAIIAG DM 0.9 −0.1 0.74 −0.26
IAIIBCG DM 0.77 −0.23 0.46 −0.54

10 km IAG DM 9.82 −0.18 7.68 −2.32
IABG DM 9.15 −0.85 8.48 −1.52
IABC DM 9.18 −0.82 8.69 −1.31
IAIIAG DM 9.8 −0.2 8.7 −1.3
IAIIBCG DM 9.74 −0.26 9.01 −0.99

50 km IAG DM 49.67 −0.33 48.42 −1.58
IABG DM 49.34 −0.66 49.07 −0.93
IABC DM 49.32 −0.68 49.16 −0.84
IAIIAG DM 49.47 −0.53 49.69 −0.31
IAIIBCG DM 49.59 −0.41 49.73 −0.27

90 km IAG DM 89.71 −0.29 90.24 0.24
IABG DM 89.9 −0.1 90.07 0.07
IABC DM 89.86 −0.14 89.63 −0.37
IAIIAG DM 89.66 −0.34 89.83 −0.17
IAIIBCG DM 89.79 −0.21 89.83 −0.17

99 km IAG DM 98.79 −0.21 100.44 1.44
IABG DM 98.85 −0.15 99.35 0.35
IABC DM 98.76 −0.24 98.83 −0.17
IAIIAG DJ 98.35 −0.65 99.23 0.23
IAIIBCG DM 98.83 −0.17 98.89 −0.11

The distance 
to terminal 
M (Line DJ)

101 km IAG DJ 100.14 −0.86 101.3 0.3
IABG DJ 101.16 0.16 101.06 0.06
IABC DJ 100.98 −0.02 100.97 −0.03
IAIIAG DJ 100.29 −0.71 100.94 −0.06
IAIIBCG DJ 100.87 −0.13 100.91 −0.09

110 km IAG DJ 109.48 −0.52 111.68 1.68
IABG DJ 110.23 0.23 110.06 0.06
IABC DJ 110.06 0.06 110 0
IAIIAG DJ 109.47 −0.53 110.13 0.13
IAIIBCG DJ 110.05 0.05 110.1 0.1

150 km IAG DJ 150.2 0.2 152.28 2.28
IABG DJ 150.43 0.43 150.61 0.61
IABC DJ 150.37 0.37 150.43 0.43
IAIIAG DJ 150.21 0.21 151.32 1.32
IAIIBCG DJ 150.49 0.49 150.79 0.79

190 km IAG DJ 190.22 0.22 192.36 2.36
IABG DJ 190.5 0.5 190.95 0.95
IABC DJ 190.46 0.46 190.73 0.73
IAIIAG DJ 190.34 0.34 191.51 1.51
IAIIBCG DJ 190.46 0.46 191.05 1.05

199 km IAG DJ 199.02 0.02 201.78 2.78
IABG DJ 199.05 0.05 199.87 0.87
IABC DJ 199.07 0.07 199.6 0.6
IAIIAG DJ 199.01 0.01 200.45 1.45
IAIIBCG DJ 199.05 0.05 199.91 0.91
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From Table 2, for the high resistance ground 
fault, the error is higher than 1 km many times and 
the maximum error is 2.78 km in the traditional 
method, which dissatisfies the accuracy require-
ment of fault location. However, in the proposed 
algorithm, the maximum error is only 0.86 km. In 
addition, when IAIIAG occurs at a distance of 
99 km to terminal M, although fault region is mis-
judged in Line DJ, the error is only 0.65 km. At a 
distance of 99 km to 110 km to terminal M, the 
fault location error is not more than 0.86 km no 
matter what the fault region determination conse-
quence is.

7 CONCLUSIONS

In summary, the interface model of coupling 
demarcation point constructed in this paper 
reflects the fault analysis network characteristics 
of demarcation point, and the proposed criteria 
are effective to determine the fault region. Based 
on the proposed fault location algorithm, a great 
transition resistance is allowed, and a high accu-
racy of fault location can be achieved.
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ABSTRACT: With the development of HVDC, some typical Multi-Send HVDC systems (MSDC) 
appears, and new voltage and frequency problems are becoming the threats to system stability. In this 
paper, Multi-infeed Effective Short Circuit Ratio (MESCR) is selected as a general index to evaluate the 
stable degree in Multi-send HVDC system. Ambient signals in power system containing lots of important 
information are used to identify the sensitivity among different node voltages, and MESCR is calculated 
based on the identified sensitivities. An online identification method is also proposed to meet the demand 
of real-time online monitoring. A benchmark MSDC simulation system is built to validate the proposed 
identification method and stability index.

Keywords: Multi-Send HVDC system; stability index; ambient signals; sensitivity analysis; online iden-
tification method

2 MESCR STABILITY INDEX BASED 
ON MIIF

It is generally accepted that the ratio between 
short circuit capacity of  converter bus and DC 
power is a manifestation of  stability in AC-DC 
systems. This ratio is defined as Short Circuit 
Ratio (SCR) index. It is widely used to evalu-
ate the stability of  a single DC system, and has 
been proved to be effective in practical applica-
tions. Analogously, this ratio can be also applied 
to Multi-DC systems, but mutual influence 
between the DC transmissions and compensa-
tion of  reactive power at converter bus should be 
taken into account. Therefore, MESCR, an index 
that includes the above factors based on MIIF is 
defined as Eq. 1:

MESCRCC
S Q

P
iRR acSS i cQQ i

diPP ji
j j i

n

dj

=

≠j
∑ ( )MIIFM Pji djPP×MIIFMM jiF
1

 (1)

where i is the number of converter bus under 
consideration; Saci is the short circuit capacity of 
the ith DC transmission; Qci is the reactive shunt 
compensation at the ith converter bus; Pdi, Pdj are 
the power of the ith and the jth converter station 
respectively.

1 INTRODUCTION

Construction of large-scale interconnected grid is 
helpful to improve the overall stability of power sys-
tems, and to solve the problems that power centers 
and load centers are not coincident in China. At 
present, lots of large energy bases are continuously 
constructed in the southwest, northwest and some 
other places of China, where power resources are 
abundant. So large quantities of power needs to 
be transmitted to areas with industrial aggregation 
and large population. Several HVDC transmis-
sions are built radially outwards from the energy 
centers. Thus, systems with HVDC lines from the 
same AC system are called Multi-Send HVDC sys-
tems (MSDC).

It is widely recognized that Multi-infeed Effec-
tive Short Circuit Ratio (MESCR) index is adopted 
to evaluate the power transmitting ability and the 
voltage supporting strength in AC-DC power sys-
tems. Though there are several forms of this index, 
neither of them can realize the objective of online 
identification. However, a certain form of MESCR 
index based on the Multi-Infeed Interaction Fac-
tor (MIIF) proposed by CIGRE is chosen in this 
paper. Then a node voltage sensitivity identifica-
tion model is established, and the ambient signals 
is real-timely collected from the system to calculate 
the MIIF or rather a sensitivity factor.
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In Eq. 1, the participation index is MIIF that 
takes the influence of other converters con-
nected to the concerned bus into account. MIIF 
is known as an empirical and experimental indi-
cator, which is proposed as the ratio between the 
voltage changes at converter bus j and bus i due to 
a reactive power change at the bus i. In a practi-
cal application, to ensure that the voltage changes 
are small and do not change the system operation 
mode, it is suggested that the quantum of reactive 
power change caused by switching electric reactors 
at bus i should be only about 1% amplitude of the 
nominal voltage.

According to Eq. 1, the parameters, such as Saci, 
Qci, Pdi and Pdj, can be measured dynamically and 
real-timely in a real power system. But the tradi-
tional MIIF index is restricted to simulations or 
site trials, and hard to be calculated continuously 
in the real-time mode. Now, reference to the sen-
sitivity analysis method based on the ambient 
signals, a new similar index is put forward in the 
following section, which will make it available that 
the MESCR index can be evaluated rapidly and 
real-timely.

3 MESCR CALCULATION BASED 
ON ONLINE IDENTIFICATION

Power system is a complicated process that has 
strong nonlinearity, which can be expressed by a 
series of differential-algebraic equations as Eq. 2.

�x y u p
y u p=

⎧
⎨
⎧⎧

⎩
⎨⎨

f
g

( ,x ,u )
( ,x ,u )0

 (2)

where x is state vector, including electric generators’ 
power-angle, rotate speed and so on. y is algebraic 
vector, including buses voltage, nodes’ current and 
so on; u is input vector, including command of the 
controllers, output of the prime motors; p includes 
some parameters about operation modes, such 
as transmission line parameters and generators’ 
power, etc.

When the power system operates in static stabil-
ity or just a small perturbance occurs in the power 
system, the system state equations can be simpli-
fied at the equilibrium points of power system 
based on some linearized assumptions as Eq. 3.

Δ Δ Δ
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y CΔ x D u

+ΔxΔ
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⎨
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⎩
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( )p ( )p
( )p ( )p

 (3)

where A is the state matrix; B is the input matrix; C 
is the output matrix; D is the transfer matrix. And 
the elements in A, B, C and D are related to p— the 
parameters of operation mode.

Under the condition of steady state, the rela-
tion between the voltage of converter bus and the 
other buses around can be used to evaluated their 
interactions, referring to the definition of MIIF. 
According to the Eq. 3, the relation between the 
converter bus voltage can be linearly expressed 
when the system is statically stable or small-signally 
stable. If  the voltage of the converter bus is choose 
as a state variable, and the others are chosen as sev-
eral input variables. The mathematical relationship 
can be expressed as Eq. 4 at every short period of 
sampling and calculating.

Δ ΔΔU
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jUUj j i
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∑
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.εi  (4)

where ΔUiU  is the voltage change of converter bus;
ΔU jU  is the voltage changes of the buses around the 
converter bus; εiε  is the residual caused by approxi-
mate description. ∂ ∂U∂i j∂UU∂  is the sensitivity of 
ΔUiU  relative to ΔU jU , which is similar to MIIF, but 
includes more factors that affects the interactions. 
In order to simplify the discussion, this indicator is 
defined as Nodal Voltage Sensitivity Index (NVSI).

Obviously, it is a multiple linear regression 
model. In this model, ΔUiU  (i = 1, 2, 3…) are ran-
dom variables. They are not the voltage changes 
made by reactors, but voltage ambient signals that 
are inherent fluctuation signals in power system. 
Ambient signals are generally considered as a kind 
of white noise signal. Thus the model becomes a 
Gauss–Markov linear regression model.

The ambient signals caused by switching equip-
ment, load changes and other factors are real-
timely collected through PMU in actual electrical 
networks, so the NVSI can be calculated rapidly 
and continuously after a suitable process. Further-
more, the new stability index of MSDC systems in 
the Eq.5 can also be identified online.

MESCRCC
S Q

P
i

acSS i cQQ i

diPP ji
j j i

n

dj

*

( )NVSI PS ji djPP
.=

NVSISSI
≠j

∑∑
1

 (5)

The key issue is that the MESCRCC * must be 
calculated in a short time (Δt), and the system’s 
operation mode should be considered to keep 
changeless. While the more sampling points are, 
the more accurate regression results is. So there is a 
balance between speed and accuracy.

4 SIMULATION RESULTS

To verify the reliability of the index and the online 
identification method above, A two-send HVDC 
simulation system based on the standard CEPRI 

ECECS15_Book.indb   48ECECS15_Book.indb   48 10/27/2015   6:58:56 PM10/27/2015   6:58:56 PM

  



49

7 nodes system is constructed . The structure dia-
gram of this simulation model is shown in the 
 Figure 1.

The generators, DC transmissions, loads and so 
on in the simulation system are all set with param-
eters as the original model. Then a check is made 
to make sure the reliability and stability of the 
system. Flow of the system should be converged 
and reasonable. The system further should operate 
with sufficient transient stability margin.

In order to simulate the ambient signals in 
actual systems, some Gaussian white noise signals 
are injected into some appropriate nodes. The con-
trast of ambient signals’ power spectrum between 
the simulation system and an actual system is pre-
sented in Figure 2 and Figure 3.

According Figures 2 and 3, the ambient signals 
in the simulation system and actual system both 
distribute in a similar frequency range. Then the 
simulation system’s stability degree is changed by 
adjusting the network structure, such as the trans-
mission line impedances, the size of loads, etc. 
Because the sampling rate of PUM is about 100/s 
in power system, the simulation step is 0.01 s.

Figure 1. A two-send HVDC simulation system.

Figure 2. Power spectrum of ambient signals in simula-
tion system.

Figure 3. Power spectrum of ambient signals in actual 
system.

Figure 4. MESCR and MESCR* for different levels of 
stability.

When the system operation mode doesn’t 
change, there is a contrast of  stability index got 
separately by methods based on MIIF and NVSI 
in Figure 4. Obviously, there is little difference 
between the two methods, so the stability evalu-
ated by sensitivity analysis is effective in a multi-
send HVDC system.

Then, a simulation of the online identification 
in the simple system is made. In the sampling proc-
ess, an overlapping method with rectangle window 
is used to ensure the continuity of identification 
results. Moreover, the linear stepwise regressive 
method is applied to remove the irrelevant buses 
in Figure 5.

The system’s stability was changed at t = 4 min, 
simply caused by a three-phase break fault at the 
AC line of C1–500 to C4–500. The stability indexes 
of both DC systems decreased, and the stability of 
DC2 went down even more, because it was closer 
to the fault point than DC1.
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According the Figure 5, the new stability index 
and online identification can properly reflect the 
static stability of the simulation system. They 
can also correctly show some slower changes of 
stability in the systems. This online identification 
method has great potential in stability monitoring 
and early risk warning. Certainly, further studies 
concentrating on improving the speed and accu-
racy are worthy.

5 ACTUAL SYSTEM TEST

Further, the online identification method is applied 
in the Ningxia power grid planned in 2016, which 
is a typical multi-send HVDC system with two 
HVDC transmissions. One is the +660 KV HVDC 
line from Yinchuandong to Qingdao, Shandong 
Province, the other is the +800 KV HVDC line 
from Taiyangshan to Shaoxing, Zhejiang Prov-
ince, which is completed in the future. The geo-
graphical position of  the two converter station is 
shown in Figure 6. The electrical distance of  two 
stations is close, so that the interaction between 
them may cause some stability problems. The 
online identification method can be used to real-
timely monitor the stability indexes of  the two 
HVDC systems.

The same solution as in the above simula-
tion is taken that the system stability is changed 
at t = 4 min by a three-phase break fault at three 
AC lines around the Yinchuandong converter sta-
tion (330 KV Yinchuandong to Tianshuihe). The 
phenomena that appear in the the system can be 
reflected by the stability index based on the NVSI 
in Figure 7.

Similarly, the process of  stability index iden-
tified online can better reflects the changes of 
stability caused by operation mode variations. 
According to the different values of  change, a pre-
liminary judgment of the failures’ position and 
could be made.

6 CONCLUSIONS

In this paper, some new features and problems of 
multi-send HVDC system are discussed. Then a 
multiple linear regression model based on the sen-
sitivity analysis method is built on the premise that 
the operation mode doesn’t change in a very short 
time. Furthermore, a new stability index that con-
sists of nodal voltage sensitivity index is defined to 
solve the defect that the traditional index need a 
tedious process and cannot be identified real-timely. 
An advantage of the new index is that the identifica-
tion only needs the sampled data of ambient signals 
rather than the parameters of the power network 
structure, so it is an attempt to the make full use of 
the data sampled by PMUs all over the power grid. 
At the last two sections, a simulation of the online 
identification is made in a simple two-send HVDC 
system and the Ningxia power grid, which show the 
practicability and reliability of the new method.
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ABSTRACT: With the development of micro-grid technology, hybrid AC/DC micro-grid owns both 
AC and DC micro-grid advantages, and fully considers the characteristics of distributed power, energy 
storage, and customer load, so now it has become the research focus. According to the research on AC and 
DC micro-grid at home and abroad, we analyze and summarize the research methods of hybrid AC/DC 
micro-grid, including its control strategy and stability analysis. In order to study the stability of hybrid AC/
DC micro-grid in the grid-connected and stand-alone operation mode, this paper discusses hybrid AC/DC 
micro-grid stability analysis method on different cases and proposes hybrid AC/DC micro-grid stability 
factors, providing the appropriate reference to the subsequent research on hybrid AC/DC micro-grid.

Keywords: hybrid AC/DC micro-grid; control strategy; small-signal stability

of research scholars in the word, and it will earn a 
rapid development.

Nowadays, the research on hybrid AC/DC micro-
grid is just starting the whole world, and there has 
not built a complete research system of hybrid 
AC/DC micro-grid’s grid structure, control strategy, 
and stability. For the small-signal stability for hybrid 
AC/DC micro-grid, researchers have not focused 
much on it. Hybrid AC/DC micro-grid uses different 
control strategies because of its different grid struc-
ture, so the small-signal stability methods are also 
not the same. This paper discusses hybrid AC/DC 
micro-grid stability in different operation modes.

2 HYBRID AC/DC MICRO-GRID BASIC 
GRID STRUCTURE

A hybrid AC/DC micro-grid is composed of AC 
micro-grid system and DC micro-grid system; it 
has both AC and DC bus, so it can directly pro-
vide power to AC and DC load. A hybrid AC/DC 
micro-grid contains a group of power electronic 
devices; therefore, it needs to reasonably design 
the grid structure of the micro-grid in order to 
optimize distributed generations, energy storage 
device, and load. A reasonable topological struc-
ture can improve the reliability and flexibility of 
micro-grid system when connecting to low-voltage 
 distribution network; when it comes to design 
voltage level of hybrid AC/DC micro-grid, it needs 
to meet the characteristics of renewable energy and 

1 INTRODUCTION

With the conventional energy sources gradually 
exhausting and environmental pollution becoming 
worse, the countries all over the world begin to focus 
on environmentally friendly, efficient, and flexible 
power generation—Distributed Generation. In 
order to improve the utilization of renewable energy 
sources, researchers have proposed a new distribu-
tion method—micro-grid. It earns the features of 
small environmental pollution: high reliability of 
power supply, digesting the local power, and micro-
grid has developed rapidly. Most countries research 
on AC micro-grid and DC micro-grid, and then it 
comes to hybrid AC/DC micro-grid. AC micro-
grid is still the main form of micro-grid. Although 
there are many research results of AC micro-grid, 
it still needs to be further addressed in resonance 
and harmonic aspects caused by distributed power 
Parallel accessing; DC micro-grid does not need 
to focus on synchronization problems between 
the various DG, and has more advantages in cir-
culation suppression; nevertheless, the DC load 
type and capacity limit its development.[1,4] Hybrid 
AC/DC micro-grid can reduce power loss and har-
monic currents caused by a couple of AC/DC or 
DC/AC conversion, which applied to the AC or 
DC micro-grid. What is more, it can also improve 
the reliability and economy of micro-grid system, 
and makes full use of a variety of renewable power 
sources, energy storage devices, and loads. So the 
hybrid AC and DC micro-grid won the attention 
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load, then it will reduce power electronic converter 
and also can improve system stability; for different 
distributed energies inserting into micro-grid, we 
should consider all kinds of factors, location, 
capacity, output voltage level, and so on, to choose 
a suitable connecting methods.[6]

There are various structures of hybrid AC/DC 
micro-grid because power grid, AC micro-grid 
system, and DC micro-grid system have  different 
patterns to be connected. Power grid provides 
power for micro-grid load to keep voltage level 
and frequency stable; DC micro-grid system can 
directly connect to power grid, then use AC/DC 
converter to join AC micro-grid system into the 
whole system; and also can connect AC micro-grid 
system to power grid, then link DC micro-grid sys-
tem into AC bus by converter.

Combining the key scientific and technological 
project of Zhejiang Electric Power Corporation, 
“Low-voltage Intelligent Hybrid AC/DC Micro-
grid Key Technology Research and  Demonstration 
Project Construction”, this paper designs a typical 
hybrid AC/DC micro-grid grid structure, as shown 
in Figure 1.

Where, 400 V AC bus directly connects to power 
grid, at the same time, link a part of new energy 
and AC load to AC bus; insert an AC/DC con-
verter between AC and DC micro-grid in order 
to achieve AC and DC system hybrid; DC micro-
grid use double-bus structure, directly providing 
power to DC load. This hybrid AC/DC micro-grid 
 structure completely meets the basic design princi-
ples of micro-grid system.

3 SMALL-SIGNAL STABILITY ANALYSIS 
FOR MICRO-GRID

Small-signal stability for power system means 
the ability to keep the system synchronous after 
small disturbance. It depends on the initial 
 operation state, and the characteristics of  various 

control devices. There are many methods to analyze 
small-signal stability for power system. According 
to the mathematical model, it includes eigenvalue 
analysis, digital simulation method, and frequency 
domain analysis. Eigenvalue analysis has already 
been one of the most effective methods in power 
system dynamic stability analysis.[2,3]

3.1 Analysis of small-signal stability

Power system could be described as n  first-order 
nonlinear ordinary differential algebraic equations:

�x f(x,k)=  (1)

The output variables are defined as:

y g(x,k)  (2)

where n is the dimension of the system, k the input 
variable of the system, x the state variable, y the 
output variable, and g a nonlinear function vector 
of the combination of input and output variables.

In the analysis of power system small-signal 
stability, disturbances produced by load and gen-
erators are usually small enough to ignoring them; 
the system nonlinear equations could be linearized 
on the initial stable operation point, then get the 
approximate linear equation state.

Eq.1 and Eq.2 could be linearized to:

Δ
Δ Δ Δ{ A x B k

y C x D k
= +Δx
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Stability of nonlinear system depends on the 
eigenvalues of state matrix A. According to the first 
law of Lyapunov, system would be stable when all 
the eigenvalues of state matrix A have negative real 
parts, and in other conditions the system would be 
unstable.

3.2 Small-signal Stability Analysis of Micro-grid

With the increasing penetration of distributed 
energy, the impacts on grid and the complexity 
between micro-grid and grid cannot be ignored 
anymore. A huge group of power electronics devices 

Figure 1. A typical hybrid AC/DC micro-grid structure.
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are utilized in micro-grid, but reduced micro-grid 
system inertial with small inverter output reactance 
and fast response of power electronics devices, and 
increase the challenge on analysis of system stabil-
ity. In small-signal analysis for micro-grid, network-
load small-signal model and inverter small-signal 
model should all be considered, in the modeling 
of complete micro-grid small signal model. With 
regard to hybrid AC-DC micro-grid, there are 
multiple operation states. We will consider several 
different hybrid AC-DC micro-grid modes for 
small-signal analysis in the following parts.

4 SMALL-SIGNAL ANALYSIS FOR 
HYBRID AC-DC MICRO-GRID IN GRID-
CONNECTED OPERATION MODE

When hybrid AC-DC micro-grid is in grid-con-
nected operation mode, load is mainly energized 
by the power grid, and frequency and voltage level 
are also kept in normal region with power gird. 
AC- and DC-distributed generators just take part 
in energy exchanging.

4.1 Network-load small-signal model

Integrated in external grid, the modeling of 
 network-load small-signal model should be consid-
ered connected to infinity source and the DC part 
could be modeled as active AC load connected to 
AC bus. In the grid-connected operation mode, the 
equivalent circuit of hybrid AC-DC micro-grid is 
shown in Figure 2.

Where, Rn and Ln are equivalent link reactance 
between external grid and micro-grid, R1 and L1 

are line impedance, and Rload and Lload are load 
impedance; DC micro-system is equivalent to the 
link circuit between AC generators and equivalent 
impedance.

According to Figure 2, network-load state 
equations and node voltage equations would be 
deduced; with Park transformation and lineari-
zation, network-load small-signal model can be 
described.

4.2 Inverter small-signal model

As for the hybrid AC-DC micro-grid mode in 
grid-connected operation mode, DC/DC and DC/
AC converters are controlled in different strategies. 
Converter averaged model would be utilized for 
easily building small-signal model. Averaged 
model ignores fast switching state, utilizes equiva-
lent electrical functions to represent inverter char-
acteristics, and simplifies the process of inverter 
small-signal modeling. Inverter small-signal model 
also contains inverter interface small-signal model, 
control small-signal model, and so on, then inte-
grate them into small-signal model.[8,11]

For a complete hybrid AC/DC micro-grid small-
signal model, it needs to combine network-load 
small-signal model and inverter small-signal model, 
then it comes to system small-signal model:

= nA[ ]Δ n [ ]Δxn  (5)

where An is system characteristic matrix. Analysis 
its characteristic value by MATLAB, and research 
the stability of hybrid AC/DC micro-grid system 
and factors influencing system stability.

5 SMALL-SIGNAL STABILITY ANALYSIS 
FOR HYBRID AC/DC MICRO-GRID IN 
STAND-ALONE OPERATION MODE

When hybrid AC/DC micro-grid is in stand-alone 
operation mode, there are two situations: 1. AC 
micro-grid system is connected to the power grid, 
but DC micro-grid is stand-alone. At this time, 
the PCC (Point of Common Coupling) node of 
bidirectional AC/DC inverter is breaking, so the 
distributed energy in DC micro-grid system pro-
vides the power to DC load in this system, to keep 
system voltage and frequency stable. As shown in 
Figure 3, it means that PCC-1 node is closing and 
PCC-2 node is breaking. 2. The PCC node, which 
connects hybrid AC/DC micro-grid system and the 
power grid, is breaking, then AC micro-grid and 
DC micro-grid are both in stand-alone operation 
mode. At this time, distributed energy of the whole 
micro-grid system provides power to AC and DC Figure 2. Hybrid AC-DC micro-grid equivalent circuit.
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load, and it keeps the system stable. In Figure 3, 
it means that PCC-1 node is breaking and PCC-2 
node is closing.

When hybrid AC-DC micro-grid system is in 
the NO.1 stand-alone operation mode, the stability 
analysis method for AC micro-grid system, which 
is connected to power grid, is similar to it in grid-
connected operation mode, that is ignoring equiva-
lent circuit and the converter small-signal model 
of DC micro-grid system; for the DC micro-grid 
system in stand-alone operation mode, its small-
signal analysis can use converter average model, 
and then research its characteristic value. When 
hybrid AC-DC micro-grid system is in the NO.1 
stand-alone operation mode, the bi-directional 
AC/DC inverter, which connects AC and DC 
micro-grid system, becomes the important device 
of the micro-grid system, and it can keep the sys-
tem stability by its control. Built converter small-
signal model based on converter control-circuit, 
then built the system small-signal model in stand-
alone operation mode by combining the converter 
small-signal model and network-load small-signal 
model, analyze the model to judge the system sta-
ble or unstable.

6 SUMMARY

The small-signal stability analysis for a hybrid 
AC/DC micro-grid system, which contains a huge 
group of power electronics devices, needs to com-
prehensively consider network, load, converter 
(including its control-circuit and harmonic treat-
ment circuit) small-signal model; at the same time, 
when the micro-grid system is in different operation 
modes, it needs to depend on the actual situation 

to discuss and analyze. There are many other fac-
tors, which influence the stability of hybrid AC/
DC micro-grid system, such as line impedance, 
equivalent link impedance, and converter control 
parameters. When analyzing the micro-grid stabil-
ity, it needs to consider all of these factors, in order 
to build a stable micro-grid system.
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ABSTRACT: Two styles of Auxiliary Differential Equation (ADE) were applied and compared in this 
paper to study the electromagnetic behavior in plasma slab. One ADE samples polarization current at 
integer time step and the other samples it at half  integer time step. In implication via computer code, the 
former method need to store one more back level electric field to update polarization current, while the 
other need not. Numerical results are compared with exact and Piecewise Linear Recursive Convolution 
(PLRC) solution to validate the algorithm. The results show that the two ADE styles have almost the same 
accuracy as PLRC.

Keywords: plasma; Finite-Difference Time-Domain (FDTD); Auxiliary Differential Equation (ADE); 
reflection; transmission

A cold plasma slab’s reflection and transmission 
coefficients are calculated and validated with the 
accurate results. To demonstrate the advantage 
of the ADE method, Piecewise Linear Recursive 
Convolution (PLRC) results are also presented 
and compared.

Time factor ejωt is assumed and suppressed 
throughout this paper.

2 FORMULATION

Ampere’s law in Maxwell’s equations can be 
expressed in the form

∇ × H E= j rωε ε0  (1)

where H and E are magnetic and electric intensi-
ties, respectively, ε0 is permittivity in free space, εr is 
relative permittivity. εr can be expressed as sum of 
constant and dispersive parts. For cold plasma 
medium, εr can be expressed in form

ε ωr pε ωε jω+ ( )ω νcj +( )1 2ωω
 

(2)

where ωp is plasma’s frequency, ω is incident elec-
tromagnetic wave’s frequency, νc is plasma’s colli-
sion frequency with neutral particles. To emphasize 
polarization current Jp. The Ampere’s law can be 
represented in form

∇ × +H E= Jj pωε0  
(3)

where Jp is defined as

1 INTRODUCTION

The Finite-Difference Time-Domain (FDTD) has 
become an important methodology in manipulat-
ing electromagnetic problems since Yee raised his 
famous Yee’s leapfrog grid scheme [1]. It discretizes 
the Maxwell’s equations directly and can get spec-
tral characteristics by one-time calculation because 
it is a time-domain method. Originally, the scheme 
was created to discretize Maxwell’s equations with 
the assumption that the medium that hosted in the 
electromagnetic wave was isotropic, non-dispersive, 
linear and time-invariant. But, in real world, many 
media have strong dispersive performance, such 
as earth, water, plasma, and so on. As the method 
grew in popularity and proved its worthiness in the 
prediction of scattering, diffraction and propaga-
tion events, many researchers postulated and then 
devised ways that the algorithm could be applied 
to problems for which the medium was dispersive. 
These algorithms includes Recursive Convolution 
(RC) [2, 3], frequency-dependent Z Transform 
(ZT) [4], Piecewise Linear Recursive Convolution 
(PLRC) [5], auxiliary differential equation [6, 7], 
Trapezoidal Recursive Convolution (TRC) [8], and 
JE Convolution (JEC) [9]. Although PLRC often 
attains higher accuracy than RC, it requires com-
plicated formulation of two convolution integrals 
and one more back level electric field. The TRC 
method requires single convolution integral in the 
formulation as in RC, while maintaining the accu-
racy comparable to the PLRC.

This paper examines two ADE styles in calculat-
ing electromagnetic behavior in dispersive media. 
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J p p cjωjp ν2 /( ) .E
 

(4)

The time-domain expression of (4) is

∂
∂

+
J

J Ep
c p pt

ν ω=c pJ 2 .
 

(5)

By the convention of Yee’s staggered grids, 
electric field is sampled at integer time steps and 
magnetic field is sampled at half  integer time steps. 
There are two styles for polarization current’s sam-
pling styles that one is sampling at integer time 
steps and the other is sampling at half  integer time 
steps.

If  Jp is sampled at integer time steps, (3) can be 
discretized as

∇ × −( ) +( )+ +(H E= ( E J) + ( Jn n+ (E(+ ( p p
n1 2

0
1 1) ( +J+ ()En n 2ε

 
(6)

and (5) can be discretized as

J J
J J Ep

n
p
n

c
p
n

p
n p nE

t

+

Jn +E+ p nJ+ c ( ) +EE= pp ( )
1

1
2

1

2 2p p( )Δ
ν ω pp

2

 
(7)

In (6) and (7), Jp and E are all time averaged at 
time step n + 1/2. (7) can be expressed in explicit 
form

E Ep
n

p pJ p
nE+ +J pJn ( )1+En1 Jnk Jn (β p  

(8)

where

kp ck

p p

( )tc ( )tc

( )tc

)t (
2

)tc (
β εp t= p (

c+)t (( +)t (
(2ttt .

 

(9)

Substituting (8) into (6) and expressing En + 1 in 
explicit form, we get

E E J Hn nE p
p

nH
k+ − ⋅

+
∇ 1p1 kp +JnE p n nH

kp+ 21
2

C CB C
 

(10)

where

CA
CB

=
=

( ) /( )
/( ).

2) /(
2 2/(

0

0

β−0 β
ε β0 β

p p0) /( β0

pβ
tp) /( β0

t t/( ε β0 pβ
2) /( Δβ2) /(2) /( ε β+0 p2) /( β+0

2/( Δβ2/( ε β+ pβ
 

(11)

From (8) and (10), En and J p
n can be achie-

ved by iteration. In calculation of J p
n+1, both En+1 

and En are needed, thus one more back level of 
electric field be stored.

If  we sample Jp at half  integer time steps, we will 
get a different iterative form. Equation (3) can be 
discretized as

∇ × −( )+ +(H E= ( E J) +n n+ (E(+ ( p
n1 2

0
1 1) +E J) +n n 2ε

 
(12)

and the explicit form is

E E Hn nE p
nHt +nE+ n +−E ∇1

0
1 2

0
1 2Δt Jnt Jε J pJ0 JJ

 
(13)

(5) can be discretized as

J J J Ep
n

p
n

c p
n

p p
nt−Jn+ −J+ n( ) J+ (( )1 2 1 2 1 2 1 2 22Δ ν ωJc pJ p

n
pJnJJc ) =1 2 22 .

 (14)

Equation (14)’s explicit form is

J Ep
n

p pJ p
n+ −Jnk +J pJnJn1 2 1 2 2β p  

(15)

where kp and βp are expressed in (9). Equations (13) 
and (15) are the iterative form to update En and J p

n. 
The advantage of this style is that there is no need 
to store back level electric field to update polariza-
tion current.

3 NUMERICAL VALIDATION

Calculations were made for a plasma slab 15 mm 
thick to validate the two ADE styles. The one-
dimensional problem space consists of  500 spa-
tial cells with 75 μm thickness with the plasma 
slab occupying cells 200 through 400. The time 
step is 0.125 ps. The plasma considered has a 
plasma frequency of  28.7 GHz (ωp/2π) and a 
collision frequency νc of  20 rad/s with neutral 
particles.

Calculations were conducted for a Gaussian 
pulse normally incident plane wave. The spectrum 
of the incident pulse rises sharply but smoothly 
from zero frequency, peaks at approximately 
50 GHz. In order to establish the accuracy of the 
results, a comparison with the exact results for the 
reflection and transmission coefficients is made by 
Fourier Transformation (FT) of the ADE time-
domain results.

The reflection and transmission coefficients 
were obtained from the ADE results by calculating 
the electric field strength versus time in the spatial 
cells just in front of (cell number 200) and behind 
(cell number 400) the plasma slab. The transmitted 
field versus time is just the field in cell 400, while 
the reflected field is the subtraction of total field 
and incident field in cell 200. The complex reflec-
tion or transmission coefficients at each frequency 
were calculated by dividing the frequency domain 
forms of the reflection or transmission and inci-
dent fields.
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Totally 6000 time steps were included in 
iteration. The exact analytical results for steady 
state complex reflection and transmission coef-
ficients versus frequency were obtained using the 
complex permittivity. Figure 1 shows the reflec-
tion and transmission coefficients magnitude in 
dB, respectively. The calculation results agree 
well with exact solution. To demonstrate the 
accuracy compared to other methods manipu-
lating dispersive medium, PLRC results are 
also illustrated in Figure 1. The comparison 
shows that ADE has equal accuracy with PLRC 
method.

In Figure 2, the phases of reflection and trans-
mission coefficients are illustrated. The Figures 
show that ADE can also calculate the phase 
accurately.

4 CONCLUSION

Reflection and transmission coefficients of plasma 
slab are calculated in the time-domain with two 
ADE styles. Polarization current samples at differ-
ent time steps in the two ADE styles. If  it samples 
at integer time steps, one more back level electric 
field should be stored. While it samples at half  
integer time steps, extra back level field storage is 
avoided. The numerical results validate the accu-
racy of both ADE styles and show that they have 
almost equal accuracy with PLRC.
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ABSTRACT: In order to study the electromagnetic coupling law of one typical metal body, electromag-
netic simulation software FEKO is utilized to set up the typical metal body model. With the increase of 
the simulation frequency, different lengths of metal body internal coupling field curve gradually separated, 
has certain regularity of fitting. Preliminary determination by reducing the length of the metal equivalent 
for the test model is established and confirmed in law of fitting better experimental spectrum.

Keywords: simulation; metal body; electromagnetic coupling

scattering Cross Section (RCS), open field radia-
tion, electromagnetic compatibility of the various 
electromagnetic field analysis problems. This selec-
tion of electromagnetic simulation software FEKO 
for simulation calculation is more appropriate.

2.2 The choice of frequency points and the metal 
body external electromagnetic environment

On the choice of experimental frequency simula-
tion environment and the external side, the stand-
ard GJB xxxx is used as reference. The unit of 
electric field intensity in the standard is V/m, but 
using dBV/m is more appropriate in analysis proc-
ess for the simulation calculation results, in order 
to facilitate the calculation of shielding effective-
ness of metal body. A0 card in FEKO is used to 
set up linear polarization plane electromagnetic 
wave field, as shown in Figure 1. In A0, the “New 
source” and “Linear” are selected, the electric field 
strength is set as 50V/m, θ and ϕ are 0°, along the 
x axis. The frequency range is from 100 MHz to 
600 MHz, and the step length is 100 MHz.

2.3 The establishment of physical model

For solid modeling, the size of a certain type of 
metal body was measured, and metal structure is 

1 INTRODUCTION

Abroad mostly entity modeling and simulation is 
used for the electronic equipment of metal pack-
aging, and most domestic research on seam hole 
electromagnetic coupling rule is aimed at small size 
metal shell, using the finite difference time domain 
method for a single simple hole seam model simu-
lation, considering less factors such as electronic 
components inside the equipment. For the prob-
lems of larger size metal structures in the labora-
tory test area to carry out the irradiation test of 
control unit and other components, research on 
the electromagnetic equivalent transform to the 
length of the metal structure is needed.

2 THE PHYSICAL MODELING OF 
TYPICAL METAL STRUCTURE

2.1 The choice of electromagnetic 
simulation software

Software FEKO is based on the method of 
moments, adopting multilevel fast multi-stage 
algorithm greatly improves the computational 
efficiency on the premise of keeping precision. 
The method of moments combined with high fre-
quency analysis method are used to solve the Radar 
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simplified refer to related information as shown in 
Figure 2. For the metal body is axisymmetric model, 
the bottom of the metal body center as the origin 
of coordinates, the center of the metal body axis 
is established as the z axis. Metal body (including 
the control unit) overall length is xx mm, and metal 
body main material is the ideal electrical conductor.

3 THE ANALYSIS OF SIMULATION 
RESULTS

Control unit length is constant, the metal body 
length not including the control unit are L 
and 0.5 L respectively, and the corresponding 

Figure 1. A0 card.

Figure 2. The metal body diagram. Figure 3. x = 0 y = 0 100 MHz.
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Figure 4. x = 0 y = 0 200 MHz.

Figure 5. (Continued)

Figure 5. x = 0 y = 0 300 MHz.

Figure 6. x = 0 y = 0 400 MHz.
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Figure 7. x = 0 y = 0 500 MHz.

Figure 8. x = 0 y = 0 600 MHz.

Figure 9. x = 0 y = 0 100 MHz.

simulation results are in the figure a), b) (seen from 
Fig. 3 to Fig. 8).

In order to analyze the electromagnetic cou-
pling law of control unit, setting the control unit 
as simulation object, the metal body excluding the 
control unit of length L and 0.5 L respectively two 
cases belong to the same coordinate system, simu-
lation results corresponding to the following figure 
the curve C, D. Curve B is calibration curve (seen 
from Fig. 9 to Fig. 14).

With the increase of the simulation frequency, 
internal coupling field curve in different lengths of 
metal body gradually separated, has certain regu-
larity of fitting. Internal coupling field curve of Figure 8. (Continued)
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Figure 10. x = 0 y = 0 200 MHz.

Figure 11. x = 0 y = 0 300 MHz.

Figure 12. x = 0 y = 0 400 MHz.

Figure 13. x = 0 y = 0 500 MHz.

Figure 14. x = 0 y = 0 600 MHz.

the control unit with different lengths of metal has 
good fitting.

4 CONCLUSIONS

With the increase of the simulation frequency, 
internal coupling field curve in different lengths 
of metal body has certain regularity of fitting. 
Internal coupling field curve of the control unit 
with different lengths of metal has good fitting. 
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 Preliminary determination by reducing the length 
of the metal equivalent for the test model is estab-
lished and confirmed in law of fitting better exper-
imental spectrum.
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ABSTRACT: This paper presents a numerical study of the dielectric loaded Quadruple-Ridged Square 
Waveguide (QRSW). The dispersion characteristics of left-handed and right-handed material-loaded 
QRSW are first investigated by the edge element method. The variations of the cut-off  wavelength and 
single-mode bandwidth with the ridge dimensions for different values of dielectric constant are studied in 
detail. The numerical results in this paper provide an extension to the design for the ridge waveguide and 
are helpful in practical applications for millimeter waves.
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2 THEORETICAL ANALYSES

To analyze electromagnetic field in an inhomoge-
neous waveguide, the edge-based finite element 
method is employed in the framework of  the 
Galerkin formulation of  the weighted residual 
method to solve the vector Helmholtz equations. 
Spurious modes are avoided using mixed edge 
and nodal elements to approximate the transverse 
and longitudinal components of  electric field, 
respectively.

The QRSW is shown in Figure 1. a is the outer 
dimensions of the square waveguide. b and d are 
used to describe the dimensions of the rectangular 
ridge. εr is the relative permittivity of free space.

Owing to the dielectric loaded, electromagnetic 
waves propagating in QRSW are neither pure TE 
mode nor pure TM mode, but a combination of 
them, both Ez and Hz exist simultaneously. Modes 
in QRSW may in general be described as quasi-
LSE or quasi-LSM ones depending on whether 
Ex or Ey is equal to zero. Maxwell’s equations in 
QRSW can be written as

∇ ×T r× j ErH == j rε0  (1)

∇ ×T r× j HrE = −= j rrμ0  (2)

where, ε0 and μ0 are the permittivity and perme-
ability of free space, respectively. εr and μr are the 
relative permittivity and relative permeability, 
respectively. By substituting Eq. (1) into Eq. (2), it 
yield the vector Helmholts equations

1 INTRODUCTION

Original publication on ridge waveguide dates back 
to 1947 [1]. Since that time, ridge waveguide and 
its variations have been widely studied in conjunc-
tion with microwave and millimeter wave applica-
tions, because of their unique characteristics such 
as low cut-off  frequency, wide bandwidth, and low 
impedance characteristics [2].

Ridge waveguide partially filled with dielectric 
have an important feature, i.e., ridge waveguide can 
be miniaturized by loading dielectric in it, which is 
very useful in practical applications [3–5].

In the past decade, tremendous interests have 
occurred with the experimental realization of the 
possibility of creating novel Left-Handed Materi-
als (LHM), which do have simultaneously negative 
effective and permittivity and effective and perme-
ability. Artificial negative magnetic permeability 
was proposed by Pentry et al. [6], and experimen-
tally demonstrated by Smith et al. by creating novel 
type of microstructure, such as array of metallic 
split-resonator [7]. Krowne et al. have systemati-
cally studied the electromagnetic behavior in LHM 
loaded microstrip structures [8,9].

This article will discuss the transmission char-
acteristics, such as the cut-off wavelength and 
single-mode bandwidth in dielectric loaded 
 Quadruple-Ridge Square Waveguide for millimeter 
waves (QRSW) by employing the edge-based FEM. 
By ensuring only tangential continuity of the field 
components across element boundary completely 
the edge-based FEM wipe out the spurious modes.
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∇ × ( )∇T × ( c) r 0=)∇ × r
2μ∇ c)∇ × c)× ) rc) −) rc  

(3)

where, ∇T represents the transverse Laplacian oper-
ate and KcK 2 represents the cut-off wave number of 
the quadruple-ridge square waveguide. Since the 
Galerkin formulation is adopted, each set of weight-
ing functions is equal to the corresponding set of 
basis functions. Assume Wi = Wti + Wziez, we have

h ht th hh h i
i

N

ti

iNN

=
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1
Wt

 
(4)

h h Wz zh h i
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N

ziWW
iNN

=
∑

1
(5)

where, Wti and Wzi represents the shape function 
of the element associated with interpolation edge 
i or node i. The summation index runs over the 
interpolation edges and nodes. In this paper, the 
QRSW is meshed into triangular elements. By 
applying Galerkin’s method into Eq. (3), an eigen-
value equation can be obtained as
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where, Att, Atz, Azt, Azz, Btt, and Bzz are known 
matrixes, while ht and hz are unknown vectors of 
the magnetic field. Eq. (6) can be written in simple 
matrix form

[ ]A [ ] [ ]B [ ]] [ ]B [ ]c
2

 
(7)

where, Att, Azz and B are symmetric matrix. The full 
and necessary condition of having non-vanishing 
solution of Eq. (7) is it’s coefficient determinant 
equal to zero, that is

A B =Bc
2 0

 
(8)

Eq. (8) is the characteristic equation and can be 
solved as generalized eigenvalue problems.

3 NUMERICAL RESULTS 
AND DISCUSSIONS

To verify the correctness of our code, the method is 
first used to calculate the cut-off  frequency of die-
lectric loaded rectangular waveguide. The results 
are compared with the literature [3] and [8] and are 
given in Table 1. It is observed that the results of 
this paper are in good agreement with that of the 
references.

Next, the dispersion characteristics of QRSW 
with fixed aspect ratio 2d/a = 0.2. Figure 2 shows 
the variations of the normalized cut-off  wavelength 
λc1/a of  the dominant mode with the ridge dimen-
sions of air- or left-handed and right-handed mate-
rials. It is shown that in the case of right-handed 
materials loaded

a. λc1/a is considerably increased by increase in εr.
b. λc1/a increases continuously with 2d/a from 0.05 

to 0.75.

In the case of left-handed materials loaded, it is 
shown that λc1/a is first increase then decrease with 
d/a. It is noted that λc1/a is much smaller than that 
of air or dielectric loaded case with the increase 
in 2d/a.

The variations of the single-mode bandwidth 
λc1/λc2 with the ridge dimensions of different values 
of εr are shown in Figure 3. It is noted that λc1/λc2 
is first increase then decrease with b/a. It is also 

Table 1. Comparisons of the cut-off  frequencies in the 
dielectric loaded rectangular waveguide.

Modes

Cut-off  frequency fc/GHz

This 
article Ref. 8

Relative 
errors/% Ref. 3

Relative 
errors/%

Dominant 1.8198 1.8151 0.25 1.7975 1.24
2nd-higher 3.4964 3.5445 1.35 3.5212 0.70
3rd-higher 3.6322 3.6347 0.06 3.6385 0.17
4th-higher 3.9802 3.9198 1.54 3.9972 0.42
5th-higher 4.0268 4.0632 0.89 4.0222 0.11
6th-higher 4.8715 4.8443 0.56 4.7789 1.93
7th-higher 4.9685 5.1969 4.39 4.9983 0.59

Figure 1. Dielectric loaded quadruple-ridge square 
waveguide.
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shown that λc1/λc2 increases rapidly as εr increases 
from 1.0 to 10.0.

Figure 4 shows the variations of  the normal-
ized cut-off  wavelength λc1/a of  the dominant 
mode for a fixed b/a for three cases: air loaded, 
dielectric with εr = 10.0 and μr = 1.0 loaded, and 
LHM with εr = −10.0 and μr = −10.0 loaded. It is 
shown that

a. λc1/a is considerably increased b/a for the case of 
LHM loaded.

b. λc1/a is first increase then decrease for the case 
of air—or right-handed materials loaded.

c. λc1/λc2 increases rapidly as εr increases from 1.0 
to 10.0.

Figures 5 and 6 show the field patterns of the 
dominant mode in QRSW. It is shown that

a. The electric field is completely symmetrical 
along the line a/2.

Figure 2. Normalized cut-off  wavelength λc1/a of  domi-
nant mode versus 2d/a.

Figure 3. Single mode bandwidth λc1/λc2 versus b/a. Figure 5. Dielectric loaded quadruple-ridge square 
waveguide εr = 1.

Figure 4. Normalized cut-off  wavelength λc1/a of  domi-
nant mode versus b/a.

Figure 6. Dielectric loaded quadruple-ridge square 
waveguide εr = 10.
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b. The electric field is very well concentrated in 
ridge area and is increasingly concentrated in 
ridge area as εr increases.

4 CONCLUSION

The edge-based finite element method is used 
to determine the transmission characteristics of 
Right-handed and Left-Handed materials loaded 
quadruple-ridge square waveguide. The variations 
of single-mode bandwidth and normalized cut-
off  wavelength of dominant mode are shown with 
different ridge dimensions and varied dielectric 
loaded in ridge. Compared to the ridge waveguide 
loaded with air or conventional dielectric, the unu-
sual behaviors of the LHM-loaded QRSW pro-
vide the possibility of novel device realizations for 
microwave and millimeter applications.
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A moving target collaborative tracking algorithm based on dynamic 
fuzzy clustering
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ABSTRACT: In this paper, a collaborative tracking algorithm is proposed for settling the accuracy 
and energy consumption problems of moving targets tracking in wireless sensor networks that combined 
dynamic fuzzy clustering algorithm with behavior recognition solution. We can first subdivide the wire-
less sensor monitors into two types: the behavior recognition monitors and the collaborative tracking 
monitors, and then settle all the monitors by dynamic fuzzy clustering algorithm that utilizes the behavior 
recognition monitors as the original points. Each behavior recognition monitor is obliged to judge the 
behaviors of moving target and to wake up the corresponding collaborative tracking monitors using pre-
diction and awakening mechanism aim at abnormal moving targets. Finally, we compare the solution 
with several existing methods in simulation environment, the statistics results show that the algorithm we 
proposed has a better tracking accuracy, which reduces energy consumption simultaneously.

Keywords: collaborative tracking; dynamic fuzzy clustering; Wireless Sensor Networks (WSN); behavior 
recognition

Chen Chaochun [6] presents a three layers architec-
ture Hama to achieve targets collaborative tracking 
and location management. X. Xing [7] depending on 
three  status transport module, put forward a moving 
 target tracking method based on drove, experiment 
result which shows that the solution play a good per-
formance in detection, awakening mechanism and 
logical networks architecture.

In this paper, we divide monitors into groups by 
function and utilize dynamic fuzzy clustering algo-
rithm for collaborative tracking, the behavior rec-
ognition monitor is obliged to judge the behaviors 
of moving target and to wake up the  corresponding 
collaborative tracking monitor using  prediction 
and awakening mechanism aim at abnormal 
 moving targets. The experiment results show that 
the algorithm we proposed has better detection 
and tracking accuracy, less energy consumption 
than the solutions we mentioned above.

2 RELATED WORKS

2.1 The composition of WSN

WSN (Wireless Sensor Networks) is wireless 
 network that some collection messages are added 
to, such as videos, audios, images. In this paper, 
we refer to two kinds of monitor nodes: Behavior 
 Recognition Monitor (BRM) which is expressed as 
circles in Figure 1 is used to recognize behaviors 

1 INTRODUCTION

Wireless sensor networks have been applied to wide-
spread areas with the development of microelectron-
ics embedded system and wireless communication 
technology. Wireless monitors cost low and can be 
settled easily. However, their communicating and 
computing abilities are limited. Since moving target 
tracking is an important application of wireless sen-
sor networks, to improve the detection accuracy and 
tracking efficiency and to reduce the energy con-
sumption become the aim targets and the measure-
ments of collaborative tracking performance [3].

Researchers have proposed different solutions 
for various application scenes aim at collaborative 
tracking issue. The solutions hammer at raising the 
tracking accuracy and reducing energy cost. Wang 
Xinbo [1] proposed a collaborative tracking solution 
that combined maximum likelihood estimation with 
kalman filtering. Diluka Moratuwage [2] following 
static and dynamic points and put forward a method 
of collaborative location and tracking based on the 
multi movement tool that using random finite set 
to express map features. Zhu Guibo [4] combined 
short time tracker with long time target detector 
and proposed a dynamic collaborative tracking solu-
tion, which is good for frame losing, mutation and 
long time interference problems. Liu Qin [5] utiliz-
ing binary particle swarm optimization algorithm 
for tracking multi hiding targets in radar networks. 
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of moving targets and manage messages, Collabo-
rative Tracking Monitor (CTM) that is expressed 
as triangles in Figure 1 is responsible to collabora-
tive tracking aim at the targets that BRM locked. 
The hardware of each monitor node is composed 
of three parts: video collection module, intelligent 
message processing module and wireless commu-
nication module.

The guard areas of BRM and CTM are multi-
plicity for guarantee the targets recognition and 
tracking accuracy rate. The difference of work mode 
between the two kinds of monitor nodes is that the 
BRM is always active but the CTM has two work 
modes: sleeping mode and active mode. So the WSN 
could track multi-targets and make the rest node to 
be sleeping mode to save energy consumption.

2.2 Dynamic fuzzy clustering algorithm

In our system, a dynamic clustering algorithm 
based on FCM algorithm is proposed which origi-
nal clustering centre is confirmed, and we could 
get the groups consist of BRM and CTM, each 
monitor node complete the behavior recognition 
and relay tracking task in the same group.

Although FCM algorithm is good for fast clus-
tering and could get the better clustering accuracy, 
it fall into terminal point easily, so the choosing for 
original point is important. Considering the fea-
tures of our system, let BRM as the original clus-
tering centre. We assume X = {x1, x2, …, xn} as the 
total monitor nodes set, divide the X into c groups 
(2 ≤ c ≤ n), there are c number of BRM as origi-
nal clustering centre V = {v1, v2, …, vc} at the same 
time. The degree of membership for each monitor 
node could be described as fuzzy matrix U = [uij], uij 
is the degree of membership between the monitor 
i and j, that must satisfy the conditions uij

i

c
= 1

1=
∑  

and uij ∈ [0,1].The destination function could be 
described as [10]:
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In the equation above, vi  is the clustering centre 
in the fuzzy group i, dij = ||vi − xj || is the Euclidian 
Distance between the i clustering centre and the j 
monitor node. M m ∈ [1, ∞) is the fuzzy  weighting 
index that benefits for noise restraining and making 
membership function smoothing. Two conditions 
contribute to get the lowest value for destination 
function mentioned above:
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The degree of membership m controls the share 
degree of fuzzy groups, it also play an important role 
in noise restrain and effect the concave-convex of 
destination function. Considering the convergence 
of the algorithm, the value area of m is related with 
sampling amount X, the best value is in the range 
[1.3, 2.5]. Though the algorithm that set the con-
firmed original clustering point, we can get the clus-
ter result which BRM are the cluster centre points. 
In each group according to the result includes a 
BRM and several CTM, CTM receives the track-
ing command from BRM in the same group, and 
product a dynamic monitor subnet. When the CTM 
in the boundary of a group is busy, the WSN will 
dynamic cluster for expanding the radius of the 
busy subnet according to a clustering intervene fac-
tor β  to share responsibility for busy subnet.

2.3 Recognition of anomalous targets

In order to save energy consumption and improve 
tracking efficiency, BRM and CTM divide the task. 
BRM is responsible for recognizing the behaviors 
of moving targets in some important place. We can 

Figure 2. The jumping behavior template.

Figure 1. The Sketch map of composition of WSN.
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set some legitimate behavior according to the need 
in fact. For example, we define walking and slow 
running as the normal behaviors, so other actions 
are anomalous behaviors. CTM in the same group 
only need to track the suspicious target related.

Our solution recognize behavior of motion tar-
get utilize the method couple template matching 
with feature points tracking [9]. Each monitor in 
the WSN share the same behavior library which 
some behavior template would be defined, such 
as walking, running, jumping. Surveillance system 
can definite some regular behaviors in the begin-
ning, so other behaviors are suspicious. For exam-
ple, the jumping behavior could be shown as the 
behavior template (Fig. 2).

The similarity of the two images could be 
defined according to PMSD (Procrustes Mean 
Shape distance). The type of behavior would be 
conjecture through minimum standard variance 
algorithm aim at behavior sequence. The standard 
variance is used to describe the data that behalf  the 
degree of deviation from average data, standard 
variance increase with the degree of deviation and 
vice versa. The similarity distance matrix between 
standard behavior sequences with the real-time 
video could be present with [8]:

( )
1 2( )1,2 8

ˆ ˆmin ( ( , ))
= …

=k i
j ji

S d u u
 (4)

So BRM could judge whether or not the current 
motion targets should be collaborative tracking. In 
this solution CTM only need to collaborative the 
suspicious motion targets, so it decrease the burden 
of system enormously and avoid a large calculation 
for paralleling tracking and behavior recognition.

2.4 Prediction and activation mechanism

To further save energy consumption and take full 
advantage of the result utilizing dynamic fuzzy 
clustering algorithm, we propose the prediction 
and activation mechanism in the system. BRM is 
the leader of dynamic subnet, so it always active, 
but CTM is on the default sleeping mode. CTM 
would be activated when the target need to be col-
laborative tracking according to the trajectory.

The method to predict trajectory of mov-
ing target and to activate corresponding CTM 
is a dynamic process as the monitor subnets are 
dynamic clustered. BRM take charge of transmis-
sion the order ACTIVE to CTM expect recognize 
the targets behaviors, so it must maintain a latest 
subnet member list and boundary messages for 
the subnet in the all directions. When a suspicious 
target move in a monitor subnet, the BRM would 
predict the trajectory of the target and send order 
ACTIVE to CTMs related. If  the target moves to 

the boundary of the subnet, BRM will send COW-
ORK order to the BRMs nearby that would active 
CTMs in the same subnet to relay tracking the tar-
get. The COWORK message includes the current 
subnet number and features of the moving target 
such as moving speed. When the tracking task 
completed or target is not through the scope of 
CTM for a long time, it will change to sleep mode 
automatically for saving energy.

3 EXPERIMENT AND ANALYSIS

For demonstrating the veracity and efficiency of 
the solution, we analysis the result of simulation 
experiment and compare it with several similar 
algorithms existed. We assume the supervisory 
control area is 20*30 m that shown in Figure 3, 5 
BRM for behavior recognition and 22 CTM for 
collaborative tracking random distribution in it. 
A moving target uniform move from point A to 
B on the speed v = 1.2 m/s, the degree of member-
ship value using dynamic fuzzy cluster is m = 2,the 
energy consumption for receiving circuit and emis-
sion circuit in each monitor could be valued as es = 
er = 60 nJ/bit. Suppose the trajectory of moving 
target is just like the curve in Figure 3.

The result of dynamic clustering can be shown in 
Figure 3 using the solution we proposed. When the 

Figure 3. Moving target collaborative tracking by WSN.

Table 1. The result of statistics analysis for different 
algorithms.

Solutions
Detection 
accuracy

Tracking 
accuracy

Energy 
wastage/J

Xinbo 
Wang [1]

84.6% 79.1% 0.631 e8

Diluka 
Moratuwage [2]

78.5% 81.4% 2.135 e8

Our solution 85.7% 86.9% 0.574 e8
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moving target accesses the guard area from point 
A, it will be detected by the BRM in lower right 
corner and ascertained as collaborative target. The 
CTMs described with solid triangles would be acti-
vated by the BRM according to the location that 
the target be and relay tracking the target until it 
leaves the whole guard area from point B.

Table 1 has shown the comparison of differ-
ent methods with our method aiming at detection 
accuracy, tracking accuracy and energy wastage. 
The results show that our solution has a better 
performance than the similar solutions that we 
mentioned.

4 CONCLUSION

In this paper, we proposed a collaborative track-
ing algorithm to work out the accuracy and energy 
consumption problems of moving targets tracking 
in wireless sensor networks that combined dynamic 
fuzzy clustering method with behavior recognition 
algorithm. Compared with the solution with sev-
eral existing methods, the results have shown that 
the algorithm we proposed have better detection 
and tracking accuracy, reducing energy consump-
tion simultaneously.
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ABSTRACT: Detection techniques of computer vision and NIR as well as hyperspectral image were 
investigated in this paper. Hyperspectral image detection technology for bacon quality detection has 
become a research hotspot recently. The basic principle of using hyperspectral image detection technology 
and the research status in bacon quality detection at home and abroad are introduced in the paper. The 
prospect of future research in bacon quality detection using hyperspectral image detection technology is 
proposed to researchers on the related study as a reference.

Keywords: bacon quality; nondestructive detection technique; hyperspectral image detection

Therefore, we can use Artificial Olfactory Sys-
tem (AOS)[2] to test the variation of the time of 
sulfide and ammonia concentrations, then to 
determine the freshness of  Bacon.  Currently, the 
study that uses artificial olfactory system to test 
the freshness of  Bacon is quite extensive abroad. 
Domestic experts began to apply artificial olfac-
tory system to detect the freshness of  Bacon. For 
example, Guo Peiyuan and Qu Shihai[3] made a 
set of  intelligent detection recognition system 
based on electronic information technology, opti-
cal detection technology, image processing, and 
neural network pattern recognition technology. It 
collected ammonia and hydrogen sulfide released 
from the process of  pork corruption, and collected 
data as a set of  neural network input. It is a reliable 
basis for testing the freshness of  pork[4]. Olfaction 
visualization technology is currently a new branch 
of artificial olfactory research. It is able to solve 
some common problems in gas sensors, and com-
pensate for certain deficiencies in the electronic 
nose system. Its outstanding feature is translat-
ing smell information into visual information, so 
that smell is “visible.” Olfaction  visualization tech-
nology was first proposed by Professor  Kenneth 
S. Suslick from the University of  Illinois at 
 Urbana—Champaign. It is a visualization method 
for qualitative and quantitative analysis based on 
color change of gas to be detected after reaction 
with chemical reagent[5].

Artificial Taste System (ATS) technology started 
not long ago, the technology is yet to be further 
developed. The combination of artificial olfactory 
and artificial taste technology will further improve 
the detection and recognition of food, but the 
related research is in its infancy.

1 INTRODUCTION

Bacon is a typical representative of Chinese tra-
ditional meat products with its long history and 
unique flavor. It is an important part of the world 
precious food culture heritage. Because of its spe-
cial composition and structure, bacon is easily 
microbial spoiled, such as volatile basic nitrogen 
TVB-N (metamorphic), the degree of oxidation of 
TBA, the total number of colonies, acid value and 
peroxide value, the nitrite residue, protein, fat, and 
other quality, all of which exceed the standard. The 
traditional sensory detection was influenced by 
subjective factors. Chemical test requires a series 
of chemical means to complete the real-time detec-
tion of complex process, which was long detection 
time and not rapid[1]. Detection limit of time is 
much too long to cause the bacon sausage spoilage 
or depreciation. Therefore, considering China’s 
food safety inspection technique status, there is 
an urgent need for a rapid and accurate practical 
detection technique for bacon quality[1], so as to 
determine whether it can be eaten. Hyperspectral 
image testing technology used in nondestructive 
testing of bacon quality was drawn attention.

2 BACON QUALITY NONDESTRUCTIVE 
TESTING TECHNOLOGY

2.1 Artificial olfactory and artificial taste 
detection technology

Various microbial contamination or corruption was 
caused by the decomposition of the enzyme and its 
sour nature of the fermentation when Bacon was 
deteriorated. It will produce sulfide and ammonia. 
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2.2 Computer vision technology

Computer vision testing technology is a practical 
technology. It can get the object image with the 
image sensor (commonly used high-resolution 
CCD), then converts the image into digital image. 
Image processing and image analysis are the core 
of computer vision technology[6–7].

Computer vision system has the advantages of 
nondestructive, reliable and fast, so it is widely used 
in meat quality testing, not only in the visible area, 
but extends to the near infrared, and other areas, 
Zhang Zhe[8] once detected the fat content of pig eye 
muscle intramuscular with computer vision tech-
nology which is also used to study fluctuations and 
grading of kidney meat quality. For example, we can 
detect a clear PSE kidney meat with the 400 ∼ 700 nm 
optical reflection measurement system.

2.3 Near infrared spectroscopy technology

Near infrared spectroscopy technology has been 
a new optical detection technology, which has 
been widely used recently in the food industry. 
The technology was integrated with spectroscopy, 
Chemical measurement, computers and other 
multidisciplinary modern analytical techniques. It 
has the advantage of rapid food online analysis, 
Pollution-free, nondestructive analysis and test-
ing, which can perform remote analysis, detection 
and so on. It is not only able to detect the chemi-
cal composition of meat in the traditional ways, 
but also can include sensory quality evaluation, 
species identification and other aspects of meat 
quality. It has become a very active research area. 
Because of the majority of organic compounds 
containing different hydrogen groups in meat, the 
content of these components can be determined 
by near infrared spectroscopy. And through fur-
ther analysis, we can get more information related 
with the meat quality[2]. There are many domestic 
and foreign experts using near infrared technol-
ogy for meat detection. For example, it has been 
successfully achieved detecting the water changes 
of meat in the heating process with near infrared 
fiber optic probe. It provides a new way of effective 
and reasonable control processing for meat indus-
try. However, near infrared spectroscopy also has 
its fatal flaws, such as requiring a large representa-
tive sample of chemical values to make model, low 
accuracy of quantitative analysis, complicated cal-
culation model established, and so on.

3 HYPERSPECTRAL IMAGE DETECTION 
TECHNOLOGY OF BACON QUALITY

Most of the current nondestructive testing meth-
ods use only a single method of detection, or 

 traditional signal preprocessing techniques and 
pattern recognition methods. The method often has 
information response of only one or two indexes, 
but does not evaluate comprehensively varieties 
of  information. Since overall quality of  bacon is 
complex, it should be evaluated comprehensively 
by a number of indicators. Therefore, for the 
organic integration of these detection techniques, 
taking full advantage of multiple information, 
simply, quickly, accurately, and comprehensively 
evaluating bacon is the focus of future research 
and development.

Hyperspectral image detection technology is 
more and more popular research at home and 
abroad. Spectroscopy technique can detect bacon 
material structure, composition, and other internal 
quality information. Computer vision technol-
ogy can fully reflect the external characteristics of 
meat. Therefore, hyperspectral images can reflect 
the overall quality of bacon.

3.1 Hyperspectral image detection technology

As a new detection technology, hyperspectral, 
image technology focus optics, optoelectronics, 
electronics, information processing, computer 
science, and other fields of  advanced technology 
are combined with the traditional two-dimen-
sional imaging techniques and spectroscopy. The 
technology has a characteristic of  super multi-
band, high spectral resolution, and one map. So 
hyperspectral technology has a greater detection 
advantage and detection accuracy in agricul-
tural and livestock products, food quality, and 
safety testing.  Hyperspectral imaging technol-
ogy has been used in fruit internal quality, sur-
face contamination and bruises testing, vegetable 
maturity and internal quality testing, and will 
be further applied to the internal quality of  the 
bacon inspection.

The hardware components of hyperspectral 
image detection include light source, CCD cam-
era, and a computer equipped with image acquisi-
tion card as shown in Figure 1. Three-dimensional 
hyperspectral image data of bacon can be obtained, 
as shown in Figure 2.

At home and abroad, although there have 
been some related research reports in hyperspec-
tral image detection of meat quality, there are no 
related research reports based on hyperspectral 
image detection of bacon quality of the test.

Guo Peiyuan, Fu Yan and other researchers are 
studying the relevant issues about bacon quality 
test with hyperspectral image detection technology. 
Hyperspectral images have been obtained in the 
700–1500 nm wavelength range of 512 bands. We 
can get the effective characteristic wavelength with 
principal component analysis. For example, bacon 
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hyperspectral images were collected by the hyper-
spectral imaging system, which was  carried out 
by principal component analysis. Images can see 
clearly some parasites in the sixth principal com-
ponents band image, which is shown in  Figure 3. 
From the figure, we can clearly identify the plaque 
location of hyperspectral images after principal 
component analysis. Figure 4 shows the location 
of no plaque and plaque wavelength curve fitting 
graph. Red line in this figure is the position of 
the waveform to nonbacteria, and blue line is the 
position of the waveform of bacteria. As a result, 
the study to detect bacon plaque with hyperspec-
tral image detection is feasible and has practical 
significance.

At the same time, the researchers also studied 
the detection of bacon quality and related issues 
with hyperspectral image detection technology. 
Hyperspectral images are got in the near infra-
red range. Bacon samples in near infrared range 
images within a band are shown in Figure 4. It 
can be seen from the figure that large amount of 
reflectivity information can be contributed to the 
follow-up analysis.

Figure 1. Hyperspectral imaging system.

Figure 2. 3d hyperspectral imaging data of bacon.

Figure 3. The plaque of hyperspectral component 
analysis.

Figure 4. The position of plaque and wavelength curve.

3.2 Bacon food grade division

The acid value and peroxide value of bacon are the 
main standard testing quality in our country and 
reflect the difference between edible and inedible. 
In the current standard GB 2730-2005, only acid 
value and peroxide value of bacon will be divided 
into 2 types and will not exceed the standard. But 
the experiment shows that although acid value and 
peroxide value do not exceed the standard of GB 
of bacon, sensory characteristics are obvious, such 
as sour, sticky. Then, detecting bacon obviously 
cannot meet the growing needs of people for food 
quality requirements.

At the same time or in the storage environ-
ment influence conditions, although the acid 
value and peroxide value of  bacon cannot meet 
the standard, microbial colonies number has been 
exceeded.

In bacon spoilage process, the acid value and 
peroxide value and the high spectrum can be 
obtained. In order to improve the classification 
accuracy of bacon food grade division, total infor-
mation of microscopy image and spectral image 
are needed to carry out multiple data fusion. SOM 
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neural network is used by pattern recognition and 
classification of these sequences.

By training SOM neural network sample data 
sequence in the Matlab 2012b, the new bacon grade 
before and after the acid value and peroxide value 
bacterial count range is as shown in Table 1.

In the current standard GB 2730-2005, Edible 
bacon has stated clearly that the acid value is 
greater than 4.00 mg/g, the peroxide value is greater 
than 0.25 g/100 g, and microbial colonies count is 
greater than 30000 cfu/g. However, the market is 
to exceed the standard of edible bacon. According 
to the actual results, the acid value will be more 
than 4.05 mg/g, peroxide value will be greater than 
0.27 g/100 g, and microbial colonies count will be 
greater than 30200 cfu/g.

Similarly, in accordance with national stand-
ards GB 2730-2005, bacon food can be divided 
into grades from two to four. During the period, 
edible bacon is divided into edible at ease and 
edible. Inedible is divided into not recommended 
and inedible. The results not only meet the national 
standard need, but also achieve fine division pur-
pose of edible and inedible bacon.

3.3 The prospect of bacon quality hyperspectral 
image detection technology

Hyperspectral image detection combines the 
advantages of spectroscopy and imaging study. 
Testing the quality of bacon using hyperspectral 
image detection technology is improved in recent 
years. Through a bacon detection of preliminary 
study, this paper shows that hyperspectral imag-
ing technology of Inside and outside Bacon qual-
ity can be analyzed and researched. Hyperspectral 
imagery for bacon quality testing has had good 
results, research ability and feasibility.

Hyperspectral imaging system has obvious 
advantages in determining the characteristic wave-
length of the bacon quality parameters. Through 
researching and testing, we can determine the most 
effective characteristics wavelength of bacon qual-
ity. In this way, we can design a number of wave-
lengths of spectral imaging systems and then apply 
it to the actual production. It can greatly improve 
the detection efficiency, achieve the purpose 
of online detection, rapid and non-destructive 
testing.

4 CONCLUSION

With the development of science and technology, 
hyperspectral image detection technology can 
obtain extensive images and spectral information 
of testing meat. It can nondestructive test meat 
quality and comprehensive evaluation, so it has 
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great potential for development in all kinds of 
meat quality testing.

Light absorption characteristics of  different 
meat are not the same. The advantage of  hyper-
spectral image detection is that it can choose the 
best effective characteristic wavelength accord-
ing to the test target. So this method increases 
the potential applications of  hyperspectral image 
detection technology. To extend the field of  apply 
hyperspectral image detection technology, other 
important meat qualities can be studied, such as 
freshness, drug residues, heavy metals, processing 
aids, additives, and so on. Nondestructive testing 
technology of  meat quality and especially hyper-
spectral image detection technology in China 
are still in the experimental research stage, and 
do not really put them into actual production 
yet. Therefore, it has a very important practical 
significance to the modern development of  meat 
industry, and it accelerates the market appli-
cation of  meat quality nondestructive testing 
equipment, and achieves meat online, fast, non-
destructive testing.
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ABSTRACT: Eddy current, which hinders the movement of the PM, will be induced in a non-magnetic 
metal tube when a Permanent Magnet (PM) moves in the non-magnetic metal tube. In this paper, equiva-
lent current model and the law of electromagnetic induction are adopted to analyze the magnetic field 
around the PM and the eddy current in the metal tube respectively. With the help of Finite Element 
Method, permanent magnetic field and eddy current distribution are calculated. Besides, a discrete cal-
culation method is proposed to complete numeric calculation of the electromagnetic force. Furthermore, 
experimental platform is established and experiments, which demonstrate the relation between velocity 
of PM and electromagnetic force and the influence of metal resistivity on the electromagnetic force, are 
designed.

Keywords:  Permanent Magnet; non-magnetic metal; eddy current effect; electromagnetic braking

2 ANALYSIS AND MODELING

Now make the following assumptions: (1) The PM 
is uniform magnetized along the axial direction. 
(2) Place the metal tube vertically, and the direc-
tion of magnetic pole of PM coincides with the 
symmetry axis of the tube. (3) The PM falls down 
vertically along the axial line of the tube without 
the translation and deflection in the horizontal 
direction. (4) The metal tube is nonmagnetic, and 
the distribution of PM magnetic field in the tube is 
the same as that of vacuum environment. (5) The 
relative permeability of PM equals 1.

2.1 Analysis of PM magnetic field

A right-handed three-dimensional coordinate sys-
tem is built in Figure 1, regarding the center of 
cylindrical PM as origin and the PM N-pole direc-
tion as the z axis positive direction. In the equiva-
lent current model of the PM, the magnetic field is 
expressed as distributed current element with the 
surface current density of Jsm = M × n. The mag-
netic vector potential A can be expressed as

A
J

= ∫
μ0μ
4π

smJJ d
r

S
S�∫∫  

(1)

where S is the surface surrounding PM, r is the 
distance from source point to field point, μ0 is the 

1 INTRODUCTION

According to the electromagnetic theory, the 
induced electromotive force and eddy current are 
produced in the metal tube to prevent the move-
ment of Permanent Magnet (PM) when PM moves 
in the metal tube. Eddy current results in electro-
magnetic power loss and heating of the conduct. 
Meanwhile, eddy current also produces electro-
magnetic force applied to the PM.

Eddy current effect is often applied in the elec-
tromagnetic mechanism. By the heat effect of 
eddy current, high frequency current is injected 
into the smelting device in the metal smelting 
process, which produces large eddy current in the 
smelting metals and the heat generated by the vor-
tex can make the metal melt quickly.  Meanwhile, 
eddy current effect can also cause some negative 
effects. Eddy heat needs to consume additional 
energy, which reduces the efficiency of  the elec-
tromagnetic mechanism, and eddy heat may 
shorten the service life of  insulating material, 
and declines the electromagnetic properties of 
materials.

This paper studies the physical phenomenon 
that PM subjects to electromagnetic force brak-
ing when it moves in nonmagnetic metal tube. The 
conclusion can provide certain reference for tak-
ing advantage of eddy current magnetic field in the 
process of buffer braking.
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air permeability, M is the magnetization intensity 
of PM, n is the unit normal vector on the outer 
surface of PM.

According to the field superposition principle, 
the magnetic induction intensity at P produced by 
the whole cylindrical surface current is

B A
l r

=A
π

∇ × ∫ ∫B
π

=
− −−

d d
h

h

lh

h Mdd
r

z
/

/

/

/h

2

2
32

2

4
μ �∫∫

 
(2)

We consider two current elements (rcosθ, rsinθ, 
0) and (rcosθ, −rsinθ, 0), with corresponding ele-
ment current vectors of respectively (−Msinθ, 
Mcosθ, 0) and (Msinθ, Mcosθ, 0). The synthesis 
of magnetic induction intensity produced by two 
symmetrical current elements at P (x1, 0, z1) is

d 0
B =

( )0.5 cos ( )0 i
μ θ0 5

)) + ( ))0.5 sin
0μ 1 1

2 22π
( ,cos1 cosθθ 0 5 − 10.5 )θθc1 c d

0.5 cc− ss ++ z
l

1
2

d
 
(3)

It’s not difficult to find out from Eq. 3 that the 
resultant magnetic field at point P produced by 
any two current elements symmetrical relative to 
the plane xOz don’t have component on the y axis. 
In conclusion, according to the field superposition 
principle and the symmetry of the ring line cur-
rent, the magnetic induction intensity generated 
by the cylindrical surface current of the PM also 
doesn’t have tangential component. Only the radial 
component Br and vertical component Bz of  mag-
netic induction intensity exist.

2.2 Analysis of eddy current in metal tube

When the PM moves with velocity v, the motional 
electromotive force induced in the closed loop of 
metal tube is expressed as

ε θ∫ ∫ (( , ) l,θθ∫ (∫ ( i cos dθ d, ) ⋅θθ , )θr r,θ ,θ
l l∫  

(4)

It’s not difficult to find out from Eq.4 that ε is 
only affected by Br. Therefore, the vertical com-
ponent Bz is not considered during the analysis 
of eddy current field. With the symmetry of the 
magnetic field and metal tube, the analysis of elec-
tromagnetic induction is carried out in the verti-
cal cross section through center axis of the metal 
tube as shown in Figure 2. For a random point 
P (x, z), its area is expressed as dS, its thickness 
is expressed as dl, and its resistance and resistivity 
are expressed respectively as dR and ρ. So the eddy 
current density is

J z
S R

B z v( ,x ) ( ,x ) .=
1

d
d
d

rBBε
ρ

=
 

(5)

In conclusion, in any vertical cross section 
through the center axis of the metal tube, the 
direction of the eddy current density produced 
by electromagnetic induction is vertical to the 
cross section. Extending the two-dimensional 
analysis results to three-dimensional area, it can be 
obtained that the induced current density J in the 
tube only has tangential component Jθ in any hori-
zontal plane, and there is no vertical component Jz. 
Hence, the direction of eddy current is along with 
the tangent direction of the metal tube.

2.3 Modeling of electromagnetic force

As shown in Figure 2, the force of the PM gener-
ated by the magnetic field of eddy current is

F k
leFF d dl BB∫∫∫ r ( , ) ( , )) ( Sd) v

Z
Sa∫∫

2π
ρ  

(6)

where Z = ∫∫SarBr
2(x,z)dS, Sa is half  the area of 

cross section, k is the unit vector of z axis.
It can be seen from Eq.6 that the direction of 

force is directed along the positive z axis, which is 
reverse direction relative to the velocity v, so it is a 
braking force, its value is related to the Br, the rela-
tive velocity v, resistivity ρ and the area Sa.

Figure 1. Three-dimensional coordinate of PM.

Figure 2. Vertical cross section of metal tube.
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3 ELECTROMAGNETIC CALCULATIONS

3.1 Calculation of magnetic field

The PM material is set to be Nd-Fe-B, its shape is 
set to be cylinder. The parameters needed in Finite 
Element calculation are listed as shown in Table 1.

The cylinder center is the origin and the central 
axis of the PM is z axis. The three- dimensional 
model meshed by tetrahedron grid and the mag-
netic field distribution of PM are shown in 
Figure 3. It can be seen that the static magnetic 
field distribution of PM is symmetrical and there 
is only radial and vertical component but no tan-
gential component.

In the above established model of PM, 10 adja-
cent vertical straight line with even interval of 
1 mm with distance of 12 mm ∼ 16 mm from the 
axis of PM are chosen in XOZ plane, and the static 
magnetic field of every line are calculated respec-
tively as shown in Figure 4. Five lines located on 
the right wall of tube are marked with l1, l2, l3 l4, 
and l5. The tangential component Bθ, radial com-
ponent Br and vertical component Bz on l1∼l5 are 
shown in Figure 5.

It can be seen that the tangential component Bθ 
is always zero. The radial component Br is an odd 
function. Its direction changes in the midpoint of 
each line and its amplitude reaches maximum on 
the positions of upper and lower surfaces of the 
cylindrical PM. The vertical component Bz is an 

even function and its direction changes on the 
upper and lower surfaces of the cylindrical PM.

3.2 Calculation of eddy current distribution

Make the PM falls through T2 copper tube, H62 
brass tube and 6061 aluminum alloy tube with the 
same sizes in Table 1. The resistivity of three kinds 
of metal tubes are ρT2 = 0.018 × 10−6 Ω/m, ρH62 
= 0.071 × 10−6 Ω/m, ρ6061 = 0.04 × 10−6 Ω/m, respec-
tively. The eddy current produced in the metal tube 
is calculated by transient field solver. As shown 
in Figure 6, eight vertical lines evenly distributed 
along a cylindrical surface which have a distance 
of 14.5 mm from the center axis of the tube are 
selected to analyze the eddy current density.

It can be seen from Figure 6, the eddy cur-
rent distribution is symmetrical relative to the 

Table 1. Parameters for FE calculation.

Items Value

Magnet height h 30 [mm]
Magnet diameter d 20 [mm]
Remanent magnetic density Bm 1.4 [T]
Inner diameter of metal tube Din 26 [mm]
Outer diameter of metal tube Dout 32 [mm]
Length of metal tube sm 500 [mm]

Figure 3. Mesh generation and magnetic field 
distribution.

Figure 4. Magnetic field distribution on vertical section.

Figure 5. Calculation results of Bθ, Br, and Bz on five 
lines.
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horizontal center plane of the metal tube, and the 
eddy current is directed along the tangent line. In 
upper half  of the PM, eddy current density is anti-
clockwise while in lower half  clockwise. The eddy 
current density varies with the resistivity of the 
metal tube; the value is inversely proportional to 
the resistivity.

3.3 Discrete calculation method 
of electromagnetic force

Because of the higher complexity of the analytic 
calculation for Z = ∫∫SarBr

2(x,z)dS, the discretiza-
tion method is proposed for calculating the electro-
magnetic force in this paper. As shown in Figure 4, 
because the space between the five adjacent lines 
is narrow, the B on each line whose distance from 
line l1 is less than Δh/2 on the vertical plane can be 
considered as equal to that on the line l1. Therefore, 
plane Sa could be divided into five regions Sa1∼Sa5, 
and then
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where Din and Dout denote inner and outer diam-
eters of the metal tube respectively, Λi (i = 1∼5) 
respectively denote calculation values of ∫Bri

2(z)dz 
which are obtained with the help of FE software.

If  the inner and outer diameters of the metal 
tube vary, calculation of electromagnetic force on 
PM can be achieved only by choosing lines of dif-
ferent numbers and positions to analyze with vari-
ation of Sa in the surface integral.

4 EXPERIMENTS AND RESULTS

Experimental operating system mainly includes 
the coils fixed on iron stand (which energized 
before the PM falling, make the PM suspended 

in a fixed position), permanent magnet, vertical 
mental tube, and pulleys, as shown in Figure 7. 
Parameters of PM and mental tube are shown in 
Table 1. The facility for measurement of velocity 
is composed by the photoelectric rotary encoder 
(which is coaxially connected with the upper pul-
ley), Digital Signal Processor (DSP) development 
board and oscilloscope. Encoder outputs the pulse 
signal based on the shaft speed; the DSP transfers 
the pulse signal to the speed digital signal; then the 
DAC chip converts the digital signal into the volt-
age signal recorded by the oscilloscope.

The following two experiments were designed to 
validate the theory.

1. Ensuring that the size and material of PM and 
metal tube are changeless, experiment 1 ana-
lyzes the relationship between the electromag-
netic force and velocity of PM.

2. Ensuring that the size of PM and metal tube are 
changeless, experiment 2 studies the influence of 
metal resistivity ρ on electromagnetic force by 
selecting different materials of metal tubes.

4.1 Relation between velocity 
and electromagnetic force

Assuming that mg is the gravitational force acting 
on the PM, the acceleration of PM is a, Irotary and 
R denote respectively the moment of inertia and 
radius of the pulleys, according to the kinematics 
equation, we have

m F m
I

R
ag eFF roII tary=F +

⎛
⎝⎜
⎛⎛
⎝⎝

⎞
⎠⎟
⎞⎞
⎠⎠

2
2

 
(8)

In order to measure the value of 2Irotary/R2, remov-
ing the metal tube in experimental device, the PM 
doesn’t endure the electromagnetic force, Fe = 0. 
We can acquire the acceleration a = 5.461 m/s2. By 
Eq. 8, we can obtain 2Irotary/R2 = 0.0523 kg with 
m = 0.06583 kg and g = 9.8011 m/s2.

In order to validate the relation between the veloc-
ity and electromagnetic force on the PM, under the 

Figure 6. Eddy current distribution in different kinds 
of metal tubes.

Figure 7. Experimental system.
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condition that the materials and dimensions of PM 
and metal tube have no changes, velocity of the PM 
is measured surrounding a fixed position the metal 
tube. The results are shown in Figure 8.

Fitting the speed line recorded in the experi-
ment, we can obtain relation between speed and 
time in form of a polynomial.

v t t−t +t9095 179.1 3t .325 0.43763 2179 1t  (9)

By taking the derivative of t in the polynomial 
in Eq. 9, we can get the acceleration a. According 
to Eq. 8, we can calculate the electromagnetic force 
Fe. From Fe/v curve in Figure 8, it can be seen that 
Fe/v keeps a constant whatever the velocity is, veri-
fying the linear relation between speed and elec-
tromagnetic force of the PM surrounding a fixed 
position (i.e. Z is constant in Eq. 6).

4.2 Experiment of changing the resistivity

We make the PM falls through T2 copper tube, 
H62 brass tube and 6061 aluminum alloy tube with 
the same sizes in Table 1 respectively. The distance 
from the initial position of the center of the PM to 
the inlet of metal tube Δs keeps 0.1 m. The velocity 
curves measured are shown in Figure 9.

According to the experimental results shown 
in Figure 9, the whole movement process can be 
divided into five parts: Free falling process; 
Deceleration by electromagnetic force; Uniform 
motion of PM in the metal tube; Acceleration 
with the electromagnetic force reduced at the end 
of the tub; Free falling process.

In the three kinds of metal tubes, the accelera-
tion in process  and  are all the same, so it shows 
that at this process there exists no electromagnetic 
force. Inversely in the process , ,  PM is under 
the effect of electromagnetic force. With the differ-
ent resistivities of metal tube, the velocities during 
the processes of uniform motion and deceleration 
both change significantly.

The contrast between calculated and measured 
velocity is listed in Table 2. It can be seen from 

Table 2 that theoretical calculation values and 
experimental results are almost the same. Due to 
the friction between pulleys and shafts and the 
fact that the PM cannot be ensured to move along 
the central axis precisely (which makes the friction 
between the PM and metal tube), the experimen-
tal measurements are smaller than the theoretical 
values.Figure 8. The velocity curve of PM.

Figure 9. The v−t curve with different metal resistivity.

Table 2. Calculated and measured velocity in uniform 
motion with different metal resistivity.

Materials 
of tube

Calculated
velocity [m/s]

Measured
velocity [m/s]

Relative 
error

T2 Copper 0.0941 0.0869  7.65%
H62 Brass 0.3864 0.3284 15.01%
6061 Al alloy 0.2176 0.1825 16.13%
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5 CONCLUSIONS AND PROSPECTS

The PM’s braking phenomenon when it moves 
in a nonmagnetic metal tube is studied in this 
paper. The results of research could be expected 
to be applied to practical occasion where braking 
is needed. Such as the commonly used elevator, a 
nonmagnetic metal tube could be installed at the 
bottom of the elevator shaft, and a PM could be 
installed at the bottom of the elevator cabin. When 
the cabin is suddenly dropping, a serious accident 
could be avoided due to the buffering capability of 
the system.
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ABSTRACT: Online DGA (Dissolved gas-in-oil analysis) is a sensitive and convincing technique for 
in-service detection of incipient faults of oil-immersed transformers. An On-line DGA monitor has been 
developed based on the Laser Photoacoustic Spectroscopy (LPAS) technique and has experimentally 
demonstrated great reliability and validity. It can analyze CH4, C2H6, C2H4, C2H2, CO2, CO, and H2 in 
transformer insulted oil. In addition, the monitor has shown excellent stability, great sensitivity, and out-
standing accuracy. All the relative detection errors of the target gases are smaller than 5%. The on-line 
DGA monitor would gain in popularity countrywide for the foreseeable future.

Keywords: oil-immersed transformer; Dissolved das-in-oil Analysis (DGA); on-line monitor; Laser Pho-
toacoustic Spectroscopy (LPAS)

Laser Photoacoustic Spectrum (LPAS) is a 
new technique. The application of on-line DGA 
equipment based on the LPAS technique can 
solve the problems presented in the utilizing of 
gas chromatograph. This article reports the devel-
opment of an on-line DGA monitor based on 
LPAS technique, and the comparison of the gas 
concentrations measured by the equipment and a 
conventional gas chromatograph.

2 AN ON-LINE DGA MONITOR BASED 
ON LPAS TECHNIQUE

LPAS technique is based on the photoacoustic 
effect. When the gas is illuminated by laser, and the 
gas has absorbed the light energy of the correspond-
ing wavelength, the gas molecules change its state, 
and through a rapid radiation process returns to 
its original state. When the gas molecules return to 
its original, it leads to the increase in the gases’ 
temperature. Additionally with the laser illumina-
tion causing a change in the frequency of strength 
or wavelength modulation, the gas temperature will 
change proportionately in accordance with the fre-
quency, and its temperature will also change result-
ing in a pressure change with a sound signal being 
generated, and thus this is gases’ photo-acoustic 
effect.

Two main problems should be solved when 
applying LPAS technique to on-line DGA 
monitor. One, selecting appropriate characteristic 

1 INTRODUCTION

Large power transformer is one of the major 
equipments of the power system and its failure can 
cause serious problems to the whole power system. 
The reliability of the power transformer is such 
significance. Thus, it is essential to monitor the 
health condition of transformers in real time. DGA 
is the widely used method for detection of incipi-
ent faults of oil-immersed transformers in service, 
since the concentrations of specific dissolved gas 
in insulation oil can be used to indicate the trans-
former’s state. Hence, such equipment, which pos-
sesses the ability to on-line monitor dissolved gas 
concentrations in transformer insulation oil (called 
on-line monitor hereafter), could play a significant 
role in power system.

In laboratory, DGA used gas chromatograph 
and other electrochemical sensors. Hence, the first 
edition of the on-line monitor equipment origi-
nated from the gas chromatograph. By decreasing 
the size of the laboratorial gas chromatograph and 
redesigning some pipelines, it can be directly used 
for online monitor. In addition, this kind of on-
line monitor has been commonly used in different 
sizes of transmission and distribution substations 
in China nowadays. However, the on-line monitor 
based on gas chromatograph has various problems. 
For example, it needs carrier gas and standard gas 
to operate, which leads to an installation of high 
pressure tanks beside and thus results in potential 
safety hazards.
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wavelength in terms of each kind of gas and then 
choose suitable laser to irradiate. The other one is 
obtaining clear equation or relationship between 
the photoacoustic signal intensity and measured 
gas concentration.

Typically, seven gases exist among dissolved gas 
in transformer insulation oil. They are Methane 
(CH4), Ethane (C2H6), Ethylene (C2H4), Acetylene 
(C2H2), Carbon dioxide (CO2), Carbon mon-
oxide (CO), and Hydrogen (H2). This on-line 
DGA monitor adopts six semiconductor lasers to 
measure the concentrations of  CH4, C2H6, C2H4, 
C2H2, CO2, and CO, respectively. The character-
istic wavelengths of  these six lasers are presented 
in Table 1. The photoacoustic signal intensity is 
proportional to the laser power, gas absorption 
constant, and gas concentration. Thus, the clear 
equation between photoacoustic signal intensity 
and gas concentration can be acquired as long as 

stabilizing laser power since gas absorption con-
stant would not change.

The method of hydrogen measurement was dif-
ferent from other gases. The molecular weight of 
hydrogen is significantly smaller than other gases. 
The volume fraction of hydrogen can be obtained 
by measuring the variations of acoustic velocity, 
since the other gases’ acoustic velocity’s relative 
shift is proportional to the volume fraction of 
hydrogen.

With a light source emitting light at a specific 
frequency, seven kinds of  fault gases irradiated 
with light absorption wavelength of  the gas cell. 
Using high degree of  fault gases microphone 
acoustic signal measured in the photoacoustic 
effect generated, the signal is filtered, since the 
correlation processing such as Fourier transform 
filters out the ambient noise, the signal stored in 
the embedded computer, for fault gas line analysis 
software for analysis and processing. The sche-
matic of  operation principle is shown in Figure 1.

3 SITE TEST AND RESULT

The on-line DGA monitor was installed in a sub-
station to check the transformer reliability and 
validity. Every four months, the oil sample would 
be sent to laboratory and test by Gas Chromato-
graph (GC). These two analytic methods were con-
ducted in the same temperature and humidity. The 
results are shown in Table 2.

The values of gas concentrations measured by 
these two methods of GC and LPAS in different 
dates were pretty close to Table 2. The values of 
CH4, C2H6, C2H4, C2H2, CO2, and CO measured by 
the method of LPAS were a little bit smaller than 
the method of GC. However, the values of the val-
ues of H2 had opposite trend.

The relative error was calculated as | GC—LPAS 
| / GC × 100%. The relative errors of C2H6 and C2H4 
were slightly larger than the others, but all the val-
ues were smaller than 5%. The result undoubtedly 
proved the reliability of the on-line DGA monitor 
based on LPAS technique.

Table 1. The characteristic wavelengths of six lasers.

Laser Fault gas
Characteristic 
wavelength/nm

1 Methane (CH4) 1651
2 Ethane (C2H6) 1679
3 Ethylene (C2H4) 1626
4 Acetylene (C2H2) 1520
5 Carbon dioxide (CO2) 1580
6 Carbon monoxide (CO) 1567

Figure 1. The schematic of operation principle.

Table 2. Gas concentrations in ppm measured by the methods of GC and LPAS in different 
dates.

Date Method CH4 C2H6 C2H4 C2H2 CO2 CO H2

2013.03.31 GC 5.35 4.37 86.66 3.43 9846.4 297.27 8.95
LPAS 5.3 4.2 83.2 3.4 9733.2 295.6 9.2

2013.07.31 GC 4.93 4.09 81.48 4.07 7423.18 195.26 3.32
LPAS 4.9 3.9 80.1 4.0 7312.4 195.1 3.4

2013.12.31 GC 5.85 5.44 119.98 2.91 10066.77 296.95 6.88
LPAS 5.7 5.2 114.7 2.9 9914.55 295.3 7.0
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4 CONCLUSION

This on-line DGA monitor is based on the LPAS 
technique, hence comprising a lot of advantages, 
such as no need for carrier gas and standard gas, 
not necessary to separate gas for measuring. These 
advantages eliminate the potential safety hazards 
and make the maintenance simple and easily. The 
results showed that the monitor owns excellent sta-
bility, great sensitivity and huge precision accuracy. 
Besides taking its relatively low cost into consider-
ation, this self-developed online DGA equipment 
has good application foreground in China.
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ABSTRACT: The third-order Absorbing Boundary Condition (ABC) is introduced into the forward 
modeling of first-order stress-velocity acoustic equation and the finite difference scheme of the third-
order ABC is derived in the paper. The result of numerical test demonstrates that the third-order ABC 
has much higher absorbing efficiency than the conventional second-order ABC especially for the waves 
with large incident angles.
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which, in fact, leads to poor absorption for the 
waves with large incident angles.

The third method is the Perfectly Matched 
Layer (PML) method (Berenger 1994, Hastings 
et al. 1996, Chew & Liu 1996, Collino & Tsogka 
2001, Hu et al. 2007, Gao & Zhang 2008). In the-
ory, PML has excellent absorption for the seismic 
waves with arbitrary incident angles and arbitrary 
frequencies. However, in order to achieve excellent 
absorbing effect, dozens of matched layers need to 
be placed on the boundary, so PML is the most 
expensive computationally of the three methods 
(Liu & Sen 2010, 2012).

Higdon ABC (Higdon 1986, 1987, 1994) is 
another type of ABC method which is equivalent 
to the conventional ABC. Because the high-order 
Higdon ABCs involve only one-dimensional spa-
tial derivatives, they are easier to be solved by finite 
difference method than the conventional high-or-
der ABCs. Hence, the third-order Higdon ABC is 
introduced into the simulation of first-order stress-
velocity acoustic equation in the paper. Model test 
shows that the third-order ABC has more excel-
lent absorption than the second-order ABC espe-
cially for the waves with large incident angles, and 
the extra memory consumption and calculation 
amount are not too large.

In the next section, we review the numerical 
simulation of first-order stress-velocity acoustic 
equation. In section 3, we derive the finite differ-
ence scheme of the third-order ABC equation in 
detail. In section 4, the absorbing effects of the 

1 INTRODUCTION

It is necessary for the seismic forward modeling 
to introduce artificial boundaries to define the 
computing area. However, an improper artificial 
boundary will produce false reflections that can 
reduce the accuracy of wave-field simulation seri-
ously, so the artificial boundary processing has 
been an important part of the research of wave 
equation numerical modeling.

There are mainly three types of artificial bound-
ary methods currently. The first one is the so called 
“damping layers” or “sponge layers” method 
(Israeli & Orszag 1981, Cerjan et al. 1985, Kosloff  & 
Kosloff  1986), which introduces sponge zones near 
the boundary. The seismic waves propagating in 
the sponge zones can be attenuated exponentially. 
Unfortunately, it is generally very difficult to find 
a proper attenuation function to absorb incident 
waves perfectly (Liu & Sen 2010, 2012).

The second one is the Absorbing Boundary 
Condition (ABC) method. The conventional ABC 
method proposed by Enguist and Majda (1977, 
1979), is based on the theory of approximation 
of one-way wave equation and derived through 
the Padé approximation for the one-way wave 
equation. Usually, the ABC equation derived 
through the high-order Padé approximation will 
include high-order partial derivatives, which are 
very difficult to be solved by numerical methods, 
so generally the second-order Padé approximation 
has to be used to derive the second-order ABC, 
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third-order ABC and the second-order ABC are 
compared by one model test. We end with some 
concluding remarks in section 5.

2 NUMERICAL SIMULATION OF FIRST-
ORDER STRESS-VELOCITY ACOUSTIC 
EQUATION

Two-dimensional acoustic equation can be repre-
sented by the first-order stress-velocity equation 
generally (Mu & Pei 2005):

∂
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where p is the stress; vx and vz represent the par-
ticle velocity components in the horizontal direc-
tion and the vertical direction respectively; ρ is the 
medium density; V is the velocity of seismic wave 
propagation. When t = 0, p, vx and vz are all zero 
except at the location of the source. The staggered-
grid finite difference method is often used to solve 
the above equations. The staggered-grid finite dif-
ference scheme with second-order accuracy in time 
and 2Lth-order (L is a natural number) accuracy in 
space is given as follows:
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where Δx and Δz represent the space intervals in 
the horizontal direction and the vertical direction 
respectively; Δt is the time sampling interval; αm is 
the difference coefficient. The superscripts and the 
subscripts stand for the time sampling point and 
the space grid point respectively.

When Equation 2 is applied in the model region 
of interest for the numerical simulation, some arti-
ficial boundary methods are needed on the bound-
ary. If  the sponge layers method or the PML 
method is used, dozens of layers need to be placed 
on the boundary, but for the third-order ABC, only 
L (L is less than 6 usually) layers are needed, so the 
memory consumption and calculation amount of 

the sponge layers method and the PML method are 
much larger than those of the third-order ABC.

3 THE THIRD-ORDER HIGDON ABC 
EQUATION AND ITS DIFFERENCE 
SCHEMES

According to the research results of Higdon (1986), 
the third-order Higdon ABC equation can be written 
as follows (taking the left ABC for example):
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(3)

where B3 is the operator of the third-order ABC; 
U represents any variable (U  = (p, vx, vz)); v is the 
wave velocity; αj is the angle parameter; ε is the 
damping factor (which is a very small positive 
number).

To derive the difference scheme of the third-
 order ABC, three operators, I, K, Z, are  introduced, 
which are defined by IUk

ij = Uk
ij, Kn Uk

ij = Uk
i + n j, 

Zn Uk
ij  = Uk

ij
 + n. The difference schemes of three 

first- order boundary operators (cos αj (∂/∂t) − v 
(∂/∂x) + ε, j  = 1, 2, 3) in the third-order ABC equa-
tion can be expressed as:

G l I l K l Z l KZ jj jG l j jK l jll Ijl l Zjl, j , ,j ( ,j = , )1 2I l jlI j 3
1

4
1 2,−  (4)
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l x v tj jcos,l x Δcosx vjcosx −j

 (5)

So the difference scheme of Equation 3 can be 
written:

G G G Ui jU k
1 2G GG 3GG 1 0+ =  (6)

The third-order boundary difference operator 
G1G2G3 can be obtained by multiplication of the 
second-order boundary difference operator G1G2 
and the first-order boundary difference operator 
G3, so G1G2 must be calculated firstly.

G1G2 can be derived by the multiplication of G1 
and G2:

s I s K s Z s K Z s K

s Z s
1 2G GG 1 2

1
1 2
2 2K 1 2

3 2Z 1 2
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1 2
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(7)
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where s1,2
j (j  = 1, 2 … 9) are the difference coeffi-

cients which can be obtained by substituting Equa-
tion 5 to Equation 7.

The third-order boundary difference opera-
tor can be obtained by multiplying G1, G2 and G3, 
which is expressed as:

G G G r r K Z r K Z r K
r K r K Z

1 2G GG G G3GG 1 2I r 3 3r 4r3 4 3 3Z 5
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+ +
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− −

−
KZ r+−K K Z r K Z
KZ r+−K K Z r KZKK

r K

10 3 1r+ 1 3K 2 1+ r 2 2K 3

13 1 1r+ 4 2K 1 1+ r 5 2−KZK
16 2ZZ−2  (8)

where rj (j  = 1, 2 … 16) can be obtained by substi-
tuting Equation 5 to Equation 8.

Then Equation 6 can be written:
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According to Equation 9, the difference scheme 
of the ith layer boundary can be obtained:
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(10)

The difference schemes of the third-order ABC 
for the right, top and bottom boundary can be 
derived in the same way.

In addition, it is noteworthy that the Higdon 
ABC is based on the separation of  the in-going 
and the out-going waves. If  the frequency and 
the wavenumber are zero or in the near of  zero 
(when the error exceeds the accuracy range of 
the computer), it will be difficult to separate the 
in-going and the out-going waves completely. 
When such a signal mixed with low frequency 
and wavenumber waves arrives at the boundary, 
some in-going waves with low frequency and 
wavenumber will be reflected into the central 
area and be amplified with the growth of  com-
puting time, which will cause serious instability 
in long seismic records. The instability appears 
only in high-order ABCs (Higdon 1987), and the 
higher the order is, the more serious the instabil-
ity will be.

Two ways are suggested to overcome the 
instability of  the third-order ABC in the paper. 

One is trying to use the double precision 
calculation and the other is to choose a proper 
damping factor ε in Equation 3. We suggest that 
if  double precision is used, the instability of  the 
third-order ABC can be overcome by setting ε as 
0.001 ∼ 0.005.

4 NUMERICAL EXAMPLE

In the paper, a zero phase Ricker wavelet with 
the main frequency of  30 Hz is used as a source 
function and the difference scheme with sec-
ond-order accuracy in time and 8th-order accu-
racy in space is applied to compute the center 
wave-field.

A model with constant velocity and density (the 
velocity is 4000 m/s and the density is 2000 kg/m3) 
is applied to test the absorption of the third-order 
ABC. The horizontal distance and depth of the 
model are both 3750 m. The horizontal and vertical 
space intervals are both 5 m and the time sampling 

Figure 1. Snapshots at 0.85 s with the second-order 
ABC (a), and the third-order ABC (b).
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interval is 0.5 ms. The shot point is located in the 
center of the model.

Figure 1 shows the snapshots at 0.85 s with 
the second-order ABC and the third-order ABC. 
 Figure 2 shows the comparison of the two single traces 
in Figure 1a and Figure 1b at Distance = 450 m.

Figure 1 and Figure 2 illustrate that the second-
order ABC has high absorption only for the seis-
mic waves with vertical incidences or nearly vertical 
incidences, while the third-order ABC has excellent 
absorption no matter whether the incident angles 
of the waves are small or large.

5 SUMMARY

The paper introduces the third-order Higdon ABC 
into the boundary processing for the staggered-grid 
numerical modeling of first-order stress-velocity 
acoustic equation. Numerical experiment shows 
that the third-order ABC has much higher absorp-
tion efficiency than the conventional second-order 
ABC especially for the waves with large incident 
angles.

Moreover, the third-order ABC can be extended 
to the boundary processing of the wave-field con-
tinuation of elastic wave equations or 3D wave 
equations, and it also has broad application pros-
pects in the reverse-time migration and the full 
waveform inversion.
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Automatic vertical parking steering control based on fuzzy control 
and Extended Kalman Filter

Xuewu Ji, Si Sun & Yong Huang
State Key Laboratory of Automotive Safety and Energy, Tsinghua University, Beijing, P.R. China

ABSTRACT: A new kind of control strategy for automatic vertical parking has been investigated in this 
article. A kinematic model of the car in reverse process at low-speeds is built and analyzed. According 
to the parameters of experimental vehicle and collision avoidance constraints, the initial limited position 
for automatic vertical parking is reversely located. Combining drivers experience and the fuzzy control 
theory, a steering controller for automatic vertical parking is proposed. In order to better solve error 
accumulation problems caused by the noise of wheel speed sensor during actual automatic vertical park-
ing, the kinematic model is optimized by Extended Kalman Filter (EKF). An optimal kinematic model 
and a fuzzy steering controller are built in Matlab/Simulink for the simulation of vertical parking process. 
The results show that, the fuzzy control works well on automatic vertical parking, and the EKF has good 
adaptability with solving error accumulation in parking system.

Keywords: automatic vertical parking; fuzzy control; Extended Kalman Filter

slips occurring, the axial velocity of rear center is 
approximately zero, then the derived vehicle kin-
ematic model is as follows:
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where, ϕ is the Ackerman angle (Front axle center 
angle), θ the heading angle, hm the wheelbase, 

1 INTRODUCTION

With the development of urbanization in China, 
the number of cars is increasing every year, and 
parking environment is more and more complex. 
As for many drivers, parking is a time-consuming 
task. This enables many research institutions study 
automatic parking systems. Under the restrictions 
of collision avoidance in vertical parking condi-
tions, Li planned parking path and fitted with B 
Spline, but no processes were mentioned; based 
on the fuzzy logic control and human experience, 
Lee respectively researched parking systems, while 
it needs a great number of experiments; apply-
ing genetic algorithms, Meng optimized the three 
parking steering control strategies, but vehicle 
speed fluctuation is not taken into consideration. 
In this paper, under the condition of vertical park-
ing, considering the impact of speed fluctuations, 
applying the EFK algorithm and fuzzy control 
theory, automatic vertical parking conditions is 
studied.

2 KINEMATIC MODEL OF CAR 
STEERING AT LOW SPEED

The global coordinate system xoy is illustrated 
in Figure 1, picking the car’s rear axle center as 
the reference point. For the low-speed car, lateral 
forces can be ignored on straight roads. No tire 

Figure 1. Vertical parking coordinate.
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(xr, yr) the coordinates of the rear axle center, and 
vr the speed of the rear axle center.

Through the measuring disk of wheel angle and 
angle sensors, Ackerman angle ϕ and the wheel 
angle δ  can be respectively collected. In Matlab, 
we choose LS fitting Equation 2 (angle unit: (°)), 
then the steering transmission ration K = 20 16. :

ϕ δ +δ 0 915.δ +δ 0  (2)

3 DESIGN OF FUZZY CONTROLLER

3.1 Vertical parking environment

The surrounding environment is one of the key 
factors to the path planning. The size of the park-
ing space affects directly the process. According 
to requirements for parking lot, vertical parking 
parameters are determined as 5.8 m long and 2.6 m 
wide. After the system finds the right parking space, 
steering wheel angle can be automatically regulated; 
the driver is in charge of speeds, to make sure that 
the vehicle will be parking into the target space.

Taking the case shown in Figure 2 as an exam-
ple, the car is simplified to a rectangle 4382 mm 
long and 1835 mm wide. The heading angle is 
zero when in the initial parking position; the tar-
get parking space is marked with V1V2V3V4; O’ 
stands for rotation center. To simplify the analysis, 
only reverse gears are applied to adjust car posi-
tions instead of forward gears. Under these con-
straints, the initial limit position is viewed as the 
steering wheel turning to the right-most direction. 
The initial limit coordinates of the rear axle center 
M[3], which ensures that the body will not collide 
with other parked cars during turning, is calcu-
lated as (4964, 7828). The parking-out process is 
just invertible to the parking-in, and the car moves 
from high constrains to low constraints, so the 
paths are clear and the planning is easier.

3.2 Design of fuzzy controller

The framework of  vertical parking fuzzy con-
trol is illustrated in Figure 3. The inputs of  kin-
ematics model include steering angle ϕ of  the 
front axle and the car speed v. And the angle ϕ 
is also the output of  fuzzy controller. The steer-
ing wheel angle can be obtained in real time by 
ϕ times steering ratio K. The design steps are as 
follows.

 Fuzzification. As shown in Figure 4, the mem-
bership functions include the rear axle center

y , heading angle θ, and front steering angleϕ. 
The counterclockwise is positive direction for θ, 
and the clockwise is positive direction.

 Establishing rules. According to the driver’s 
operation experience, the input and output data 
are recorded during the driver’s control. Fuzzy 
control rules are presented in Table 1.

 Synthesis and Reasoning. The membership val-
ues can be synthesized from the 26 rules.

Figure 2. The initial limit position.

Figure 3. Vertical parking fuzzy control model.

Figure 4. Membership function.

(a) Membership function of θ, (b) Membership func-
tion of x, (c) Membership function of y, (d) Membership 
function of ϕ.
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Table 1. Fuzzy control rules.

ϕ x/y S B PB

θ = N S / / /
B / PB PB
PB / PB PS

θ = Z S / / /
B / PB PB
PB / PS PS

θ = PS S PB PB /
B PB PS PS
PB / PS Z

θ = PM S PS PB /
B PS PS Z
PB / NS NB

θ = PB S Z Z /
B NB NS /
PB / / /

Optimization of Kinematic Model.

 Defuzzification. The output can be precisely 
achieved by gravity method.

4 OPTIMIZATION OF KINEMATIC 
MODEL BASED ON EKF

4.1 Shortage of the original kinematic model

When Kinematic Model Equation 1 is discrete, 
position at moment k satisfies Equation 3. If  input 
speeds and the front steering angle at unit sampling 
time is Δt, then x, y and θ can be achieved.
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khm

t1−k+ k �+ ⋅=θ θ ϕ
kθ k

kv ⋅k1= θkθ kθ tan
 (3)

In real parking system, speeds and steering 
wheel angles are measured by sensors, inevitably 
along with some noise, which contributes to affect 
the control accuracy after integral amplification. 
To solve this problem, Extended Kalman Filter 
(EKF) is applied to optimize the estimation of 
parking position, to make it more adaptable.

4.2 Design of Kalman Filter

In the condition that the system structure is 
known, given the observation of moment k, the 
optimal solution can be solved through Kalman 
Filter (KF), which minimizes the estimation and 
covariance. As shown in Figure 5, the five formulas 
consist of the main points of the KF.

The calculation process of  Kalman Filter is 
an iterative process, including time and measure-
ment update. The filtering can be executive after 
the system matrix Φk k, , measurement matrix 
HkH +1, and initial values of  0X̂0, P0PP  are determined. 
It should be noted that Kalman Filter is only 
applicable to linear system. Extended Kalman 
Filter (EKF) is generally applied when it comes 
to nonlinear equations. The basic idea is to 
extend the nonlinear equations to the first order, 
truncating high orders, transforming to linear 
system. In this paper, EKF are applied in model 
Equation 1.

4.3 Optimization kinematic model 
based on EKF

First, the system matrix Φk k,  and measure-
ment matrix HkH +1 should be determined. The 
system state vector is X y k kl r

T[ ]x y k kl rk k , 
and measurement vector is Z T[ ]v w . At the 
moment k, with the help of  the two wheel speeds 
and the steering wheel angle, following can be 
achieved:

v
R k

N tk
l k r k=

Δ
πRR( )k n k nlk n r kk nk rkk rk n

 (4)

w
R k

N thk
l k r k k

mh
=

Δ
ϕk kkπRR l )k kk n k nlk n r kk n tk rk rkk rk n  (5)

where, klk  and krk  are the coefficients for variation 
of the two tire radius (set 1 for simulation), n k1  and 
n k2  are the number of pulses of the rear wheels 
within one sampling period, N is the number of 
pulses for one revolution (40 for the experimental 

Figure 5. KF algorithm structure.
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car JOYEAR X5), and wk is the car’s yaw speed. 
The system matrix Φk k,  is:
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where, f X kk ,XkX )  is the increment in a unit sampling 
time. For the linear process, then:
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The measurement vector is:
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ZkZ  is linearized as:
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After optimization, the kinematic model in 
 Figure 3 is transformed to a model as shown 
in  Figure 6. The EKF algorithm integrates 

 independent signals from different sensors (the 
wheel speed and the steering wheel angle), and 
improves the position estimation accuracy by fil-
tering redundancy.

5 SIMULATION RESULTS

To verify the fuzzy controller, simulations are carried 
out under the condition where v is a constant and ϕ 
is the direct output value of the fuzzy controller. The 
data used for experiment are shown in Table 2.

Reverse parking start position is set where the 
rear axle center is at the limit coordinates (4382, 
1835). v = 5 km/h , vertical parking lot length: 
5.8 m, width: 2.6 m. It takes 7.9 s for the park-
ing. The simulation results are shown in Fig-
ure 7, which indicate that the fuzzy controller 
of  vertical parking manages the whole parking 
process successfully. Figure 8 shows the head-
ing angles changing during the parking proc-
ess. When parking is completed, the car is 0.9 m 
away from the bottom of  the space, and 0.4 m 
away from the left and right limits; the head-
ing angle changes from 0° to 90°. The steering 
wheel turns to neutral position while the car is 
into the parking space. During whole parking 
process, no collisions with any other cars occur. 
The fuzzy control for vertical parking has good 
adaptability.

However, in the real parking process, it is hard 
to get desirable inputs. To make the simulation 
more realistic to the actual situation, white noise 

Figure 6. EKF algorithm structure.
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with some noise. Comparing the ideal trajectory, 
the maximum deviations in x and y directions 
are  respectively 5.1 cm and 9.6 cm. We can con-
clude that after the optimization to the kinematic 
model, the car’s position is precisely estimated 
under noise disturbance, and its accurate estima-
tion contributes to the development of  automated 
parking systems.

6 CONCLUSION

In this article, a steering control strategy for verti-
cal parking systems was proposed and the follow-
ing conclusions could be drawn:

1. Fuzzy control theory for vertical parking 
had good adaptability, enabling car parking 
successfully.

2. EKF algorithm was implemented to optimize 
kinematic model. It effectively filtered the accu-
mulation errors of sensors, making the simula-
tion more practical.
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Figure 7. Trajectory of vertical parking.
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Fault diagnosis for transmission network based on Timing Bayesian 
Suspected Degree
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ABSTRACT: Errors and incompleteness may exist in the alarm information when fault occurs on trans-
mission line [1]. To improve the accuracy and fault toleration of fault diagnosis, this paper presents a 
fault diagnosis algorithm for transmission network based on Timing Bayesian Suspected Degree. The 
algorithm models fault process in the form of probability using information from circuit breakers, then 
the ratio of actual fault symptoms to suspected fault symptoms reflects the importance of the actual fault 
symptoms. In addition, considering the timing characteristics of the alarm information [2], time-based 
symptom weight is introduced in the Bayesian Suspected Degree index to enhance the accuracy of fault 
diagnosis in uncertain situations.

Keywords: Bayesian Suspected Degree; fault diagnosis; time-based symptom weight

1 INTRODUCTION

Generally, the grid fault diagnosis means reasoning 
the fault process backward using the relay action 
and breaker tripping information to identify the 
primary fault. Common intelligent algorithms are 
expert system, Petri net, analytical model, artificial 
neural network and so on. However, these intelli-
gent algorithms are more or less flawed, such as 
(1) models too complicated (analytical model), (2) 
slow convergence rate and learning speed (artifi-
cial neural network), (3) undesirable diagnostic 
efficiency (expert system), (4) poor fault-tolerance 
capability.

A fault diagnosis algorithm is proposed in this 
paper. The algorithm uses faulty component as a 
unit rather than circuit breakers in the calculation 
process, which reduces the dimensions of topologi-
cal matrix and priori probability matrix, therefore 
reduces the computational complexity. A desirable 
diagnosis result can be obtained under complex 
network environment with timing characteristics 
of alarm information weighted.

2 THE BASIC MODEL

To analyze the relationship between fault and the 
alarm information, fault propagation process usu-
ally requires modeling. Commonly used methods 
contain Petri net, Bayesian network, causal dia-
gram, etc. Considered to be the simplification of 

these models, bipartite graph model [3] retains the 
modeling capabilities of those foresaid models and 
simultaneously reduces the complexity of the algo-
rithm, which has desirable application prospects.

We use probability weighted bipartite causal 
map as a fault propagation model, as shown in 
Figure 1. Three fault nodes are denoted by f while 
six symptoms are denoted by s. P is the probabil-
ity of s when f has occurred. A priori probability 
matrix Ps fPP  (l m) can be obtained from Figure 1, 
in which l indicates the number of faulty nodes 
while m indicates the number of symptoms. Based 
on the Bayesian formula (1), posterior probability 
matrix Pf sP  can be deduced from Ps fPP . Posterior 
probability Pf sP  is the reflection of backward rea-
soning, which represents the fault probability when 
the symptoms have occurred.

p f s
p f p f

p f p fi iff p ff
f Fiff

|f ) )f ( |s )
)fiff ( |ss )

=
∑

 (1)

Figure 1. Bipartite graph model.
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The ultimate goal of fault diagnosis is to identify 
the most likely fault node from three possible fault 
nodes under the condition of occurred symptoms. 
As a result, the explanatory ability of occurred 
symptoms to every fault node should be computed. 
Respectively calculate Bayesian Suspected Degree 
(bsd) of three nodes by formula (2), where SN indi-
cates actual symptom set while S indicates the pos-
sible symptom set of every fault node. The node 
whose bsd index is large means the occurred symp-
toms gives this fault node a good explanation.

Put all fault nodes in a descending order. If  the 
first k nodes can cover all the occurred symptoms, 
we determine the first k nodes are faulty.

3 FAULT DIAGNOSIS ALGORITHM

The most important information obtained from 
dispatching center when fault occurs is tripped cir-
cuit breaker information. Due to the configuration 
of backup protection, the mapping relationship 
between fault and the symptoms is many-to-many, 
which means that the fault of one transmission 
line may cause numerous circuit breakers tripped 
on different lines, while one circuit breaker trip also 
may be caused by several different lines. Thus, in 
the bipartite causal map, P ∈( , )1, . The fault diag-
nosis algorithm process is as follows:

1. Identify the missing circuit breaker information 
corresponding to the main protection informa-
tion and then group the information in chrono-
logical order.

2. Search topology to find the corresponding pos-
sible fault set based on the actual tripped circuit 
breaker information.

3. Plot the bipartite causal map, where the priori 
probability of circuit breaker tripping on faulty 
line and on adjacent line can be obtained from 
experienced and statistical data.

4. Considering the symmetry of two circuit breaker 
on a line, reduce the dimension of the condi-
tional probability matrix Ps fPP  to l × m/2, where 
l indicates the number of possible fault nodes, 
m indicates the number of circuit breakers, and 
m/2 indicates the dimension of the topological 
matrix.

 5.  Based on the Bayesian formula (1), posterior 
probability matrix f sP  can be deduced.

 6.  Weighted the circuit breaker tripping informa-
tion according to chronological order, calcu-
late the tbsd  index of every fault in the possible 
fault set as formula (3), where h indicates the 
timing weight of circuit breaker information. 
In the next analysis, the value h equals 0.5 for 
the circuit breakers whose tripping time are 
above the action time of those tripping circuit 
breakers controlled by the main protection.

 7.  Put all fault nodes in a descending order 
according to the tbsd index.

 8.  If  the first n nodes can cover all the tripping 
circuit breakers, determine the first k nodes are 
faulty; otherwise, increase n in order until all 
the tripping circuit breakers can be covered.

 9.  Verify the correctness of the located faulty 
components. When two faulty lines are adja-
cent, the line with minor information redun-
dancy is usually failed to identify. Guarantee 
the faulty components cover all the lines whose 
main protection acts.

10.  Finally analyze the missing-information com-
ponents and the mal-operation components.

4 EXAMPLE

In order to test the effectiveness of the method 
described herein, a 500 kV power wiring diagram 
is used as an example (see Fig. 2). In the figure, 
L indicates the transmission line, B indicates the 
bus and CB indicates the circuit breaker.

For example, L1 is supposed to be faulty, the 
action information includes CB4, CB5, CB8 and 

Figure 2. The 500 kV transmission system.
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Table 1. Diagnosis result when L1 is faulty.

Action information
CB4, CB5, CB8;
PL1m, PL2−B11s, PL3−B10s, PL4−B13s

Breakers 1, 4, 5, 8
Suspected faulty set 1, 2, 3, 4, 5, 6, 13, 14, 16
tbsd in descending order 0.4806, 0.1891, 0.1891, 0.1504, 0.0065, 0.0056, 0.0032, 0.0013, 0
Arranged faulty set 1, 4, 2, 3, 14, 5, 16, 13, 6
Fault diagnosis L1 is faulty; CB1 missed information; CB2 failed to operate
Time [s] 0.127539

Table 2. Fault diagnosis results on several fault scenarios.

No Action information Fault node Time [s] Result analysis

1 CB1, CB2; PL1m L1 0.0977 Correct operation
2 CB1, CB4, CB5, CB8;

PL1m, PL2−B11s, PL3−B10s, PL4−B13s

L1 0.0939 CB2 failed to operate

3 CB2; PL1m L1 0.0876 CB1 missed information
4 CB4, CB5, CB8;

PL1m, PL2−B11s, PL3−B10s, PL4−B13s

L1 0.1275 CB1 missed information; 
CB2 failed to operate

5 CB1, CB2, CB3, CB4;
PL1m, PL2m

L1, L2 0.3726 Correct operation

6 CB1, CB2, CB15, CB16, CB19, CB20;
PL1m, PL8m, PL10m

L1, L8, L10 0.1400 Correct operation

PL mPP 1 , PLPP s2 1B 1 , PLPP s3 1B 0 . Firstly we identify the 
missing circuit breaker CB1. In chronological 
order, CB1 is grouped in the first order while CB4, 
CB5, CB8 are grouped in the second order. From 
all the breaker information, the original topologi-
cal matrix (16×16) is simplified to a new matrix 
(9×16), where 9 means the number of suspected 
fault components. Then the posterior probability 
matrix Pf sP  (9×16) can be deduced. Calculate the 
tbsd  index of every row of Pf sP , some simulation 
results are as Table 1.

Based on the Matlab platform, several fault 
scenarios is verified in this paper, such as mal-
operation, missing information and complicated 
fault (Table 2). In the Action information column 
of Table 2, CB indicates the circuit breaker, PL mPP 1  
indicates the main protection of line 1 and PLPP s2 1B 1  
indicates the reserve protection near bus 11 of 
line 2. As can be seen from Table 2, the algorithm 
can give the correct results under these conditions; 
algorithms can also obtain the correct diagnosis on 
multiple lines of adjacent and non-adjacent. With 
location time less than 0.4 s, the algorithm can be 
used for online diagnosis.

5 CONCLUSION

Using probability-weighted bipartite graph as 
model, Bayesian Suspected Degree as an index, the 

proposed algorithm can deal with the incomplete 
and wrong alarm information. In the computing 
process, the maximum dimension of matrix is faulty 
component, substituting the mode of using circuit 
breaker as a diagnosis unit in traditional meth-
ods, which to some extent simplify the computing 
complexity. Considering the timing characteristics 
of alarm information, the algorithm enriches the 
dimension of fault section information. To con-
clude, the method proposed has a good prospect.
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image segmentation using graph cut optimization
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ABSTRACT: As the active contour model segment images using level set formulation, such formu-
lation result in very slow algorithms that get easily stuck in local solutions and only segment image 
with intensity homogeneity. In this paper, a new model combining region-based with geodesic active 
contours is proposed for image segmentation. The new energy functional can be iteratively minimized 
by graph cut algorithms with high computational efficiency compared with the level set framework. 
 Experiment results show that the proposed model can effectively and efficiently segment images with 
intensity  inhomogeneity. The method is less sensitive to the location of initial contour and it can also 
avoid local minima solutions.

Keywords: image segmentation; geodesic active contours; level set method; graph cut

In contrast to edge-based schemes, the region-
based models utilize the statistical information 
inside and outside the contour to control the evo-
lution, which are less sensitive to noise and have 
better performance for images with weak edges or 
without edges. The algorithm of Chan and Vese 
(2001) is one of the most widely used region-based 
methods for two-phase image segmentation. The 
CV model generally works for images with inten-
sity homogeneity since it assumes that the intensi-
ties in each region always maintain constant. Thus, 
it often leads to poor segmentation results for 
images with intensity inhomogeneity due to wrong 
movement of evolving curves guided by global 
image information.

In fact, intensity inhomogeneity often occurs in 
real images. To solve this problem, Li et al. proposed 
a Local Binary Fitting (LBF) model and Region-
Scalable Fitting (RSF) model (Li 2007, 2008), and 
the improved active contour model combining the 
local and global information (Zhang 2010, Wang 
2010, Liu 2012). To some extent, these methods are 
still depending on the location of initial contour 
and sensitive to noise.

These models mentioned above are based on 
partial differential equations numerical method for 
solving level set active contour models. They have 
the following two shortcomings: (1) they depend 
on the gradient descent method for optimization 
of the continuous problem, so it is easy to get stuck 
in local optima; (2) the effect of image segmenta-
tion depends on the number of iterations.

1 INTRODUCTION

Image segmentation is a frequent pre-processing 
step whose goal is to simplify the representation of 
an image into meaningful and spatially coherent 
regions (also known as segments or superpixels) 
with similar attributes such as consistent parts of 
objects or of the background (Mignotte, 2012). It 
plays a role in scene reconstruction, motion track-
ing, content-based image retrieval, aerial imaging, 
and medical image analysis. A large variety of seg-
mentation algorithms have been proposed over the 
past few decades.

Malladi (1995) and Caselles (1997) proposed 
their own geometric active contour model; it 
is possible to automatically handle topological 
changes like the merging and splitting of the evolv-
ing curve. It also has the advantage that the cal-
culation results are of high precision and robust. 
A review of literature indicates that most of image 
segmentation algorithms can be generally divided 
into two categories, namely the so-called region-
based and edge-based active contour segmentation 
approaches. The edge-based models utilize image 
gradient to stop the curve propagation, the model 
can only detect target edges defined by gradient. 
In practice, this stopping force (edge strength) 
could not prevent the boundaries from leaking. 
Hence the propagating curves may pass through 
the boundary. The result of image segmentation 
by edge-based models is highly dependent on the 
initial contour placement.
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The graph cut method is well known in the 
field of computer vision. Graph cut optimization 
(Boykov, 2001) as a method optimization tools, 
it uses appropriate energy function framework to 
find a minimum cut in a graph. The application 
to the two-phase Mumford-Shah segmentation 
model was proposed by El-Zehiry (2007, 2011). It 
was shown that the graph cut is much efficient and 
robust than the gradient descent method.

In this paper, we present a new active contour 
model that utilizes the advantages of  the region-
based and edge-based active contour (RBCV). We 
use the graph cut optimization (El-Zehiry, 2011) 
to improve the speed and the accuracy of  the 
minimization of  the new active contour model. 
The use of  graph cut optimization to improve 
efficiency has been explored by Tao, 2011. The 
graph cut can solve for global minimum rather 
than a local one and make it much less sensitive 
to initialization. It does not need more param-
eters to segment the nature image with intensity 
inhomogeneity.

The rest of this paper is organized as follows. 
In Section 2, we review well-known region-based 
model and graph cut. The RBCV model and the 
implementation are proposed in Section 3. The 
results are given in Section 4. This paper is sum-
marized in Section 5.

2 RELATE WORK

2.1 The C-V model

For a given image u(x) in domain Ω, the C-V 
model is formulated by minimizing the following 
energy functional:

E u c dxdd

C
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where c1 and c2 are two constants which are the 
average intensities inside and outside the contour, 
respectively.

Using the level set to represent C, that is, C is the 
zero level set of a Lipschitz function φ(x), we can 
replace the unknown variable C by the unknown 
variable φ(x), and the energy function can be writ-
ten as
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where H(ϕ) is the Heaviside step function. δ(φ) is 
the Dirac delta function, and λ1, λ2, μ are fixed 
parameters such that λ1, λ2 > 0, μ > 0.

Keeping c1 and c2 fixed, we minimize ECV 
(c1, c2, φ) with respect to φ(x), and deduce the asso-
ciated Euler–Lagrange equation for φ(x):
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The constants c1 and c2 can be reformulated 
using the level set function ϕ as:
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For each level set function φ, the parameters c1 
and c2 are constants that represent respectively the 
average intensities inside and outside the curve. It 
only contains global information rather than local 
information. If  the intensities with inside C or out-
side C are not homogeneous, the constants c1 and 
c2 will not be accurate.

2.2 Graph cut

A cut of a graph is a partition of the vertices in the 
graph into two disjoint subsets utilized the Max-
Flow/Min-Cut Algorithms. Constructing a graph 
with an image, we can solve the segmentation prob-
lem using techniques for graphs in graph theory.

An undirected graph G = (V,L) is defined as a 
set of nodes (vertices V ) and a set of undirected 
edges (L) that connect these nodes. As usual, the 
nodes is pixels, v V. There are also two specially 
terminals nodes s (source) and t (sink) in the graph, 
so, V = { v1, v2, … vn, s, t}. L = {e} is the set of every 
edge. For this kind of graph, an edge that is com-
ing out from source s or going into sink t is called a 
t-link. The edges connecting the other nodes except 
s and t are called n-links. In Figure 1 (a), the graph 
is 3 × 3 two dimension network, wij is the weight of 
edge connecting node vi and vj. In Figure 1 (b), A 
cut on G is a partition of the vertices V into two 
disjoint subsets S and T such that s S and t T.
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3 THE PROPOSED METHOD

In this section, we present and discuss in detail the 
proposed combining region-based and edge-based 
model. The energy function is minimized by graph 
cut algorithms.

3.1 Improved active contour

In practice, the CV model generally fails to seg-
ment images with intensity inhomogeneity. During 
the level set evolution, the segmentation is easily 
affected by the noise. The results of segmentation 
cannot satisfy the need. According to LBF (Li 
2007) model and LRCV (Liu 2012) model, the CV 
model using the two constants c1 and c2, replace 
with the two functions c1(x) and c2(x) to describe 
the intensities inside and outside the curve. In order 
to have better boundary of object, the length of 
the geodesic active contour models add to the last 
one (Tao, 2011). In the proposed model combining 
region-based and edge-based (RBCV), the energy 
function utilize the local and global information.

E u dx

dx
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in

out
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2
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where y is the neighbourhood of x. For a point 
x R2, its intensity can be approximated by a weight 
average of the image intensity u(y). In the progress 
of algorithm iteration, Kσ (x) is a Gaussian kernel 
function.

K en n
x

σ
σ

σn nn( )x
( )π /

/= −1
2

22 2σσ  (10)

In order to decrease the effect of noise, we can 
use a Gaussian filtering in algorithm iterations.

The third term of Eq. (7) is the geodesic active 
contour μ g ds( )C�∫��  where

g
u

=
∇+( )

1
1 β °  (11)

3.2 Graph cut optimization

As is the case for many variational image process-
ing models, the energy functional to be minimized 
is non-convex and therefore has local minima. 
The Chan-Vese method, as well as many other 
solution techniques, is based on gradient descent 
and is prone to getting stuck in such local minima 
(Ethan, 2012). In order to obtain the global 
optima in a relatively very short time, Eq. (7) is 
a typical energy functional that can be optimized 
by the graph cut method mentioned in (El-Zehiry, 
2011).

Define a binary variable xp for each pixel p Ω 
such that;

xpx =
∅ >
∅ ≤

⎧
⎨
⎧⎧

⎩
⎨⎨

0>1 ∅
0 0∅ ≤

( )ppp
( )ppp

 (12)

For each point r Ω, r is the neighbourhood of p, 
c1 and c2 can be represented in discrete from:

c
u K x

K x
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( )r ( )x r
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∑
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σ
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 (13)

c
u K

K
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p r
2( )x

( )r ( )x r

( )x r ( )xr1
=

r ( )xr1

r
∑

∑
σ

σ
 (14)

Boykov and Kolmogrov (2003) introduced the 
concept of  cut metric in graphs that consider a 
cut on a grid-graph G as a closed contour. They 
assign the weights to the edges of  the graph such 
that the cost of  the cut approximates the length 
of  the  contour. By Cauchy–Crofton formula 
 (Kolmogrov, 2005), the following discrete for-
mula can be used to approximate the length of 
a contour,

C n
e

nE kk
k

k k
k k=nk∑∑ ∑1

2

2δ θkkΔ22
ωkk  (15)

where δ is the grid size, nk is the total number of 
intersections of curve C with the edge lines, ek is 
the shortest distance between the two nodes, ωk is 
the weight of the edge ek,

Figure 1. 3 × 3 Two dimensions graph cut.
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ωkω k

ke
=

δ θkk
2δδ
2

 (16)

In this paper, N8 neighbours are used to 
approximate the length, in Figure 2, |e1| = |e3| = 1, 
e e2 4e 2=e4e , εk = {e1, e2, e3, e4}, Δθk is the angu-
lar differences between the nearest families of the 
edges.

The discrete form of the length of the curve ds�∫��  
can be expressed as follows

C E epq k pq
( )x xp qx ( )qx ( )xpx−

∈∑ x)xx− + xq (ε ωk pp
 (17)

Combing these together, we get the following 
discrete form of the energy function:

E

u u
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u c x
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1λλ 1
2

2λλ 2
2

( )p ( )p

( )p ( )p  (18)

In order to use graph cut algorithms, we need 
to construct a proper graph G = (V,L). Each pixel 
in the image domain is considered as one node of 
G. Each pixel node p has two t-links, i.e. (s, p) and 
(p, t) respectively connecting it to the source and 
sink nodes and the weights are respectively defined 
as wsp and wpt. Each pair neighbouring pixels {p, q} 
in the neighbour system is connected by an n-link 
and the weight is defined as wpq. The weights of G 
are set according to the following equations:

w u c psp u ∈λλ1 1u cuλ 2( )pppp ( )p Ω ,  (19)

w u c ppt u ∈λλ2 2u cuλ 2( )pppp ( )p Ω ,  (20)

w
u u

p q Npq
pq=

+ −u( ) ∈ ∈
μω p

β1 8NN
( )pp ( )q

, ,p ∈ ( )p .Ω ∀qq,  (21)

3.3 Algorithm

To summarize, the integrated algorithm can be 
described as follows:
1. Initialize the curve C anywhere in the image and 

get the interior of C and the exterior of C. For 
each pixel p Ω, the binary variable xp is initial-
ized by assigning 0 if  p is outside C and 1 if  p is 
inside C.

2. Calculate c1 (p) and c2 (p) using Eqs. (13) and 
(14).

3. Construct graph G by Eq. (19)–(21).
For each pixel p Ω, add an edge Svp with weight 
wvp and add an edge vpT with weight wpt.

For each pixel q in the 8-neighborhood sys-
tem of p calculate wpq using Eq. (21), and add an 
edge vpvq with weight wpq.

4. Compute the minimum cut of G using graph 
cuts algorithm and get the binary label {xp| xp
{0,1}, p = 1, …, N},

5. Repeat steps 2–4 until the energy is minimized.

4 EXPERIMENTAL RESULTS

In order to verify the feasibility and effective-
ness of this proposed model, a large number of 
natural image segmentation experiments. All the 
experiments were conducted in Matlab R2013 
and Microsoft Visual studio 2010 programming 
environment on 2.80HZ Intel Pentium CPU and 
2GB memory. We set the parameters λ1 = λ2 = 1, 
μ = 1500, β = 0.03.

4.1 Less sensitive to the location of initial contour

In Figure 3, the first row is the different location of 
initial contour and the second row is final contour 
for corresponding image.

In Figure 4, the first row is the different size 
of initial contour and the second row is final 
contour for corresponding image. According to 
Figure 3 and Figure 4, we know that the segmenta-
tion results of image are almost same, changing the 
location and size of initial contour.

In Figure 5 we plot the value of the energy 
functional versus iteration number for the images 
tested in Figure 3 and Figure 4. Each plot has three 
curves which correspond respectively to different 
location and size of the initial contour. From the 
curves we can see that the energy function values 
converge to lower after two iterations of the RBCV 
model, after five iterations of the changes is rela-

Figure 2. Neighborhood system of size 8.
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Figure 3. Results of our method for the different loca-
tion of initial contour.

Figure 4. Results of our method for the different size 
of initial contour.

tively small, substantially after ten iterations can 
achieve the minimum energy function value.

As discussed above, the location and the size of 
the initial curve has little effect on the segmenta-
tion results. The proposed method is less sensitive 
to the location and size of initial contour.

4.2 Shorten the runtime

Table 1 lists the number of iterations and CPU 
time of RBCV model and C-V model which seg-
ment the image shown in Figure 6 For both of the 
initial contours, the C-V model has less average 
time, but has more iterations and CPU time than 
the proposed RBCV model.

4.3 Effective of result

Figure 6 shows the segmentation results of nature 
image by two different methods. The first row 

Figure 5. Energy values of the different initialization.

shows the iterative process by RBCV model, fol-
lowed by the initial curve position, 1, 2, 7, 10, 12 
times iterations of the segmentation image. The 
second row shows the iterative process by CV 
model, followed by the initial curve position, 10, 
20, 500, 2000, 5000 times iterations of the segmen-
tation image. From the result of CV model shown 
in Figure 6, the shadow of grass that belongs to 
background is labelled as the foreground. To the 
contrary, the reflecting portion on the horse that 
belongs to foreground is labelled as the back-
ground. The right segmentation result cannot be 
obtained from the CV model. With the same initial, 
using RBCV model, the boundary of the object is 
relatively clear and accurate.

In order to obtain an evaluation of the segmen-
tation results, we compared the performance of 

Table 1. Comparison of the number of iterations and 
CPU time.

RBCV CV

Iterations 12 5000
Total CPU time (s) 13.102 713.065
Average time (s) 0.916 0.143
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algorithm on the nature image of Berkeley Segmen-
tation Data Set (BSDS). In Figure 7, we compare 
the results for nature image by RBCV model and 
CV model. The original images and ground truth 
(BSDS) are shown in columns 1 and 2, the final 
segmentation results using CV model and RBCV 
model are shown in columns 3 and 4.

From the results we can see that, the CV model 
cannot segment the nature image with intensity 
inhomogeneity. It is sensitive to noise and easy to 
get stuck in local minimum. Therefore, accurate 
result is obtained hardly. RBCV model is insensi-
tive to noise in the process of segmenting nature 
image and avoid getting stuck in local minimum. 
The object contours, with smooth and accurate, 
are obtained.

5 CONCLUSION

In this paper, we proposed an improved active con-
tour model for image segmentation. The new model 
can be optimized by graph cut algorithms and can 
segment the nature image with intensity inhomo-
geneity. As the global minimization of graph cut 
algorithms utilized, the speed and the accuracy 
of the implementation are greatly improved, and 
make the result much less sensitive to the location 
of initial contour. The model has the defect that 
cannot simultaneously detect multiple objects in 
different intensities. Because nature images often 
contain multiple objects, in our future work, we 
will extend the current model by using multiple 
level set functions.

Figure 6. The comparisons of results for image by RBCV model and CV model. Row 1: The curve evolution process 
using RBCV. Row 2: The curve evolution process using CV.

Figure 7. Results for nature image by RBCV model and CV model. Column 1: original images. Column 2: Ground 
truth. Column 3: final segmentation results using CV model. Column 4: final segmentation results using RBCV model.
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self-update

Ji Zhang, Xiangyu Zhu & Yong Peng
Clean Energy Automotive Engineering Center of Tongji University, Shanghai, China

ABSTRACT: With the development of the automotive electron, automotive ECU remote update will 
be a tendency in the near future. This paper researched and realized automotive ECU Bootloader design 
based on the development tendency of automotive ECU remote update. By analyzing the present tech-
nology of Bootloader, a new Bootloader self-update scheme is proposed. Combined with the Bootloader 
technology, the new scheme is elaborately designed. Finally, the experiment result shows that the new 
method is safer and more efficient than the traditional method.
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separates wireless download function and Human 
Machine Interface (HMI) from ECU update 
function. Update software is downloaded from 
Internet to smart mobile phone terminal. The HMI 
is also designed in mobile phone which can receive 
update software from Internet and sent software 
to the embedded vehicle platform by wireless net. 
During the process of Software update, some 
criterions, such as OSEK, AUTOSAR, could be 
referred to ensure that software update is safe and 
reliable.

2 ANALYSIS OF AUTOMOBILE ECU 
BOOTLOADER TECHNOLOGY

2.1 Bootloader summary

Bootloader is also called boot load program. This 
program codes is executed firstly after turn on the 
hardware equipment. For different application 
fields, the work methods are also different.

In general, vehicle ECU does not need to load 
the operating system kernel, the main job of the 
Bootloader is used to update application program 
codes, namely the online update function.

Online update function is an implementation of 
the IAP (In Application Programming) technology. 
When the program is running, program memory 
can be erased by the program itself. Simply put, the 
procedures could write date or modify data into 
program memory by itself. This procedure, which 
is programming, is called the application program. 
The implementation of this section programming 
function is Bootloader program. Now the Flash 

1 INTRODUCTION

With the development of automobile electronic 
technology, ECUs (Electronic Control Unit) 
and software codes in automobiles are increas-
ing sharply. Automobile ECU firmware update 
becomes more and more difficult. The traditional 
update method cannot satisfy the challenges in the 
future. To implement automobile ECU firmware 
remote update, it is generally divided into two 
steps. [1] [2] In the first step, software update pack-
age is downloaded from sever to vehicle platform 
through the wireless network. In the second step, 
software update package will be programmed to 
target ECU though the vehicle’s network. In this 
step, ECU should have the ability to achieve online 
update. To design automobile ECU Bootloader, 
which has the ability to achieve online update, it 
is necessary to implement the automobile ECU 
firmware remote update and it is also the key point 
of this paper. [3]

Some companies are doing research on automo-
tive ECU remote update. Symphony Teleca coop-
erated with Movimentog Company providing the 
InSight Connect VRM technology program and 
Venturo technology program in 2013, which is a 
safe and effective solution for ECU remote update 
[4], Red Bend Company also cooperated with Vec-
tor to use wireless downloader technology (FOTA) 
for supporting automotive remote update.

According to the current automobile network-
ing communication technology, the ECU remote 
update system selects 3G mobile network technol-
ogy as the way of wireless communication and the 
automobile platform chooses the scheme which 
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storage technology is widely used in the automo-
bile ECU to erase or write flash storage technology 
support software, provided the automobile ECU 
has the ability to achieve online updates.

In general, the entire realization function of 
Bootloader is dependent on the hardware plat-
form, especially in the embedded system. So it is 
impossible to design a universal Bootloader code. 
Different CPU structures have different Boot-
loader programs. Even if  a Bootloader program 
could run in a circuit board, the Bootloader source 
codes should be amended if  you want to run it in 
another board.

2.2 Memory layout

In order to realize the online-update function, 
ECU memory space should be divided into two 
parts first. One part is the Bootloader area, and 
another is application program area. Two-part 
codes are completely independent. The applica-
tion program area includes the interrupt vector 
remapping table and specific application code. In 
order to ensure that the memory works efficiently, 
unnecessary memory gaps should be eliminated. 
Generally, the Bootloader area is adjacent to the 
interrupt vector table.

3 RESEARCH OF BOOTLOADER SELF-
UPDATE SCHEME

Bootloader self-update means that through its own 
ability of online update, it can communicate with 
the host computer and download the updater, to 
complete self-update job.

3.1 Basic solution scheme

The feature of Bootloader self-update solution 
scheme layout is that the Bootloader area is con-
nected closely with the interrupt vector table. This 
purpose could reduce memory fragmentation and 
improve memory utilization.

As shown in Figure 1, the basic process of the 
Bootloader self-update is described as follows. 

(Updater contains downloaded components and 
flash driver; they could program and erase the des-
ignated Bootloader area):

1. After system reset, “startup manager” judges 
that Bootloader update-request enters the Boot-
loader update service.

2. The designated area is erased first in the process 
of Bootloader update service, and the updater 
is downloaded from the host computer, and the 
designated area is then programmed.

3. Jumping to the execution area of the updater, 
the updater downloads the latest version of 
Bootloader from the host computer, and com-
pletes the corresponding update job.  During 
the execution process of  the above basic 
scheme, external abnormal situations (power 
down) happen which will make the whole sys-
tem go into a “isolation” state. As shown in 
Figure 2, the red time zone belongs to “dan-
ger zone.” In this zone, if  abnormal situations 
happen before re-programming the reset vector 
(because Bootloader area is close to interrupt 
vector table, during the process of  Bootloader 
re-programming, reset vector will also be erased 
and re-programmed), system will lose the reset 
vector. If  abnormal situations happen before it, 
due to incomplete writing of the Bootloader 
area, it will also cause the phenomena of pro-
gram fleet.

3.2 Improved scheme

In order to solve the above problems, two things 
need to be done:

1. Bootloader area is isolated with interrupt vec-
tor table and stored in different blocks, which 
could be erased;

2. Add “boot exchange sign” and do the reset vec-
tor re-mapping by this sign.

Improved memory space layout is shown in 
Figure 3; the “boot exchange sign” must be stored 
in a nonvolatile memory space. The process of 
resetting the interrupt vector re-mapping table 
is very simple. When the “boot exchange sign” 
is valid, jump to the “updater starting address.” 

Figure 1. The basic scheme of Bootloader self-update. Figure 2. The time line of Bootloader self-update.
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thereby avoiding the whole system entering into 
“isolated” state.

3.3 A new solution scheme

Based on the above scheme, this paper proposes 
a new solution. The memory space layout of new 
scheme is shown as Figure 5. Compared with the 
previous schemes, this scheme divides Bootloader 
into two blocks. Bootloader self-update proc-
ess based on this memory space layout is shown 
as Figure 6. The basic process is described as 
follows:

1. After system reset, jump to reset interrupt vector 
remapping table, setting “boot exchange sign” to 
invalid, and jump to the Bootloader area 1. Start 
processing Bootloader update request to enter 
the Bootloader update service. In the update 
service, erasing the Bootloader area 2 first. Then 
the new version of Bootloader will be down-
loaded from the host computer programmed in 
the designated location. Finally, set the “boot 
exchange sign” to valid, and the software then 
enables the system to reset.

2. When system reset for the second time, program-
ming jump to reset interrupt vector remapping 
table. Setting “boot exchange sign” to invalid, 
jump to the Bootloader area 2, i.e., a new ver-
sion of the Bootloader area.

The new scheme is easy to implement. By iso-
lating Bootloader and reset interrupt vectors, to 
prevent losing the reset vector, use reset vector 
remapping to switch Bootloader area 1 and area 2. 
When abnormal situations occur at any time dur-
ing the update process, it can ensure the remapping 
to the intact Bootloader area, preventing the whole 
system from entering the “isolated” state.

3.4 The final state of ecu layout

The final ECU memory layout is shown in Figure 7; 
it could effectively support the Bootloader self-
 update function and prevent the system from enter-
ing into the isolated state. In the layout, there are: 
application program update area, Bootloader area, 
and a fixed area which is located in the program/
Flash code. These three block areas should keep 
the program/code aligned with minimum flash 
erased block. The layout assigns a data flash block 
or EEPROM area, which is used as the user data 
storage, wherein the backup area is effective when 
ECU doesn’t contain the EEPROM. Due to lack 
the support of EEPROM, it cannot perform single 
byte operations by the date; when rewriting data, 
the entire sector need to be erased. If  abnormal sit-
uations happen; it will lose data, so it needs to dis-
tribute to another area as an  information backup. 

Figure 3. Improvement of ECU memory space layout 
according to Bootloader self-update.

 Otherwise, enter the Bootloader area. The remap-
ping table is different from the application program 
interrupt vector table. It must remain unchanged 
in the update process.

The self-update process of the Bootloader, 
which is based on this memory layout, is shown 
in Figure 4. The basic process is described as 
follows:

1. After the first time reset, jump to reset interrupt 
vector re-mapping area. By set “boot exchange 
sign” to invalid, jump to the Bootloader area 
and start processing Bootloader update request 
that enters Bootloader update service. In 
the process of update service, the designated 
application area is erased first, then the updater 
is downloaded from the host computer and 
programmed in the designated area. Finally, set 
the “boot exchange sign” to valid. The software 
enables system reset.

2. In the second time reset of system, reset the 
interrupt vector remapping table by setting 
“boot exchange area” to valid. Jumping to the 
updater, the updater will communicate with the 
host computer and accomplish the new version 
update of Bootloader; the “boot exchange sign” 
will also be set to invalid.

3. In the third time reset of system, reset inter-
rupt vector remapping table by setting “boot 
exchange sign,” to invalid. Jump to the new ver-
sion of Bootloader area. Start processing the 
update request to enter the Bootloader update 
service. Complete the re-programming of 
application program during the update service. 
Because Bootloader is isolated with interrupt 
vector in the scheme, the reset vector is also iso-
lated. Therefore, there is no need to re-write the 
reset vector in the whole process. At the same 
time, through the reset vector re-mapping, it 
can ensure that re-mapping will enter the effec-
tive execution area even if  abnormal situations 
happen at any time during the update process, 
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Figure 6. A new scheme process of Bootloader self-
update.

Figure 7. Memory space layout.

Figure 5. A new ECU memory space layout of Boot-
loader self-update scheme.

Figure 4. Improvement scheme process of Bootloader self-update.
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Figure 8. State flow.

The user data store area includes two parts: the ver-
sion information area and sign area. The version 
information is used to store the Bootloader version 
information and application version information. 
In the version validation, this part of information 
need to be read and compared with the version 
information, which is sent from the host computer; 
while the update is completed, version informa-
tion will be re-written. In order to prevent external 
abnormity, this part of information needs to be 
stored separately to retain its effectiveness, e.g., if  
the system loses power suddenly during the proc-
ess of Bootloader update, after erasure operation is 
executed. If  the version information is stored in the 
Bootloader area, the part of the information will 
be lost. When system power comes on and update 
job is executed again, it will not read the version 
information and version validation job will not be 
performed. The update request sign in the sign area 
is used to enter the Bootloader update service from 
the application by a system reset. The effective 
sign of application program is used to prevent the 
abnormal situations during the process of applica-
tion program update; the boot area exchange sign 
is used to ensure reliable update of Bootloader.

3.5 State flow

The state of flow of ECU nodes is shown 
in Figure 8, involve five running states: application 
program running state, system initialization state, 
Bootloader alarm state, Bootloader locked, and 
unlocked state, out of which four states are run-
ning in the Bootloader area.

3.6 The specific operation process

The specific operation process of ECU update 
service, as shown in Figure 9, executes Bootloader 

Figure 9. Specific operational process of ECU update 
service.

ECECS15_Book.indb   121ECECS15_Book.indb   121 10/27/2015   6:59:35 PM10/27/2015   6:59:35 PM

  

http://www.crcnetbase.com/action/showImage?doi=10.1201/b19362-26&iName=master.img-007.jpg&w=189&h=147
http://www.crcnetbase.com/action/showImage?doi=10.1201/b19362-26&iName=master.img-008.jpg&w=133&h=549


122

update. At first, communication with the host 
computer executes Bootloader version validation 
job. If  the validation does not pass (update soft-
ware package version is not newer than the cur-
rent version), it will enable the watchdog reset. If  
the validation passes, the entire Bootloader update 
job will be executed. After the update job is com-
pleted, check whether the update result is correct 
(update results are achieved by calculating CRC). 
If  the validation result does not pass, then enable 
watchdog reset. If  it passes, the reset boot sign will 
switch (after system reset, switch to Bootloader 
area which has been updated according to this sign) 
and re-write Bootloader version information in the 
user data area. Finally, broadcast update complete 
message to the other on the ECU network.

The specific operation process of  ECU update 
service, as shown in Figure 9, executes Bootloader 
update. At first, communication with the host 
computer executes Bootloader version validation 
job. If  the validation does not pass (update soft-
ware package version is not newer than the cur-
rent version), it will enable the watchdog reset. 
If  the validation passes, the entire Bootloader 
update job will be executed. After the update job 
is completed, check whether the update result is 
correct (update results are achieved by calculat-
ing CRC), if  the validation result does not pass, 
then enable watchdog reset. If  it passes, the reset 
boot sign will switch (after system reset, switch to 
Bootloader area which has been updated accord-
ing to this sign) and re-write Bootloader version 
information in the user data area. Finally, broad-
cast updated complete message to the other on the 
ECU network.

3.7 Proving of scheme

In order to verify the Bootloader self-update 
scheme, this paper produces two different ver-
sions of Bootloader in the BT1 area and BT2 
area: Bootloader1.s19 and Bootloader2.s19. The 
Bootloader1.s19 is based on the RS232 commu-
nication; Bootloader2.s19 is based on CAN com-
munication. So it can verify whether the function 
is correct or not. The specific flow is based on the 
“CAN communication of the host computer soft-
ware,” as shown in Figure 10. First, turn on USB-
CAN device, then set the related parameters of 
the CAN communication, including the selected 
channel and the target ECU ID, then select the tar-
get file which is desired to be update, and finally 
start the update.

After the software update package update is 
successful, the running result of the host computer 
is shown in Figure 11.

Tests prove that Bootloader online update 
system based on the CAN bus could effectively 

Figure 10. The using process of the host computer soft-
ware “Flash Program”.

Figure 11. After software update is successful, the run-
ning effect of host computer software.

complete application program of Bootloader self-
update.

4 SUMMARIZATION

With the development of automotive electronics, 
the software update of auto ECU becomes a chal-
lenge. Current updating methods could not meet 
this challenge; therefore, the implementation of 
automotive ECU remote update is the develop-
ment trend in the future. This paper aims to study 
applications of automotive ECU remote update, 
design, and implement the automotive ECU Boot-
loader. A detailed study and analysis of Bootloader 
related technology has been done, according to the 
design requirements of ECU Bootloader, and a 
new Bootloader self-update scheme is proposed. 
The scheme implements an integrated ECU auto-
mobile Bootloader update system. After going 
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through the test, the new scheme is proved to be 
safe and reliable.
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ABSTRACT: This paper focuses on a device that can measure whiteness percentage of rice grains after 
whitened by a rice-whitening machine. Our device has the similar performance to the commercial white-
ness meter, as shown in experimental results. Thus, it will be installed at a rice mill in the future in order 
that an operator can monitor the whiteness percentage of rice grains during the whitening process and 
these data can be monitored by an owner or a manager anywhere. The overall system consists of two 
parts. The functions of the first part, called a sensor node, are to estimate the whiteness percentage of 
rice grains by using data from a color sensor and to transmit it with other information through wireless 
networks. In the second part, an embedded web server gateway, consisting of a Raspberry PI single board 
computer and an Arduino development board, receives and records all information from the sensor node. 
Furthermore, it delivers a web page to web clients, if  there is a request from web clients. All information 
from the sensor node can be remotely monitored via the web browser as seen in our experimental results.

Keywords: rice whiteness; web server; color sensor; remote monitoring; sensor node

to record images and measure the temperature of 
rice flowing along the groove. They found that the 
temperature can be used to represent the whiteness 
value of rice. Kawamura et al. (2003) built an auto-
mated method that can measure whiteness values 
of rice by using a reflectance sensor. Nascimento & 
Galli (2008) built a device that measured the white-
ness of rice grains by measuring the reflected light 
on a rice sample from light sources. Yadav & Jindal 
(2001) estimated whiteness of the milled rice sam-
ples using image analysis from measurements of 
grey level distribution of an image of milled rice 
grains. Liu et al. (1998) used digital image analy-
sis to measure degree of milling expressed quan-
titatively as surface lipids concentration of rice 
grains.

Since the milling degree is correlated with the 
whiteness level of  rice grains, the first contribu-
tion of  this paper is to provide a low-cost and 
ease-of-use device with reasonable accuracy and 
repeatability of  measurements using a color sen-
sor, compared with the commercial whiteness 
meter. The second contribution of  this paper is 
remote monitoring, recording and online web 
browsing. To achieve these, the whiteness level 
of  rice grains is transmitted to an embedded web 
server via wireless communication. These data are 
then recorded and can be retrieved by the embed-
ded web server as requested by a web browser. 
Therefore, they can be accessed anywhere and 
anytime.

1 INTRODUCTION

Whiteness of rice grains is a key factor for making 
a decision to increase or decrease the power in a 
rice whitening process. Traditionally, several large-
scale rice mills in Thailand monitor milled rice 
quality manually at sampling interval of 1–2 hours 
since there are no continuous on-line measurement 
methods available. In general, the whiteness of rice 
is measured by a commercial whiteness meter, e.g. 
model C-300 of Kett Electric Laboratory, where 
the sample is scanned with filtered light and the 
color value (0–100) is calculated and shown on the 
display. However, this meter is quite costly and it is 
needed to be controlled to get an accurate white-
ness value. In some cases, an experienced  operator/
manager determines subjectively the whiteness 
through visual inspection or by holding a hand 
over rice grains after whitened to estimate the 
temperature of rice since there is a relationship 
between the whiteness and temperature of whit-
ened rice. However, this method is improper for 
unexperienced operators.

In general, whiteness is the degree to which a 
surface is white. A commercial whiteness meter is 
designed with the demand of CIE, standard light 
resource and light environment (Lei et al. 2008). In 
the literature, there are a number of investigations 
that propose different ways to measure the white-
ness of rice grains. Jangkajit & Khunboa (2013) 
developed a device installed at the whitening step 
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2 PROPOSED METHODS

The contribution of this paper is twofold. The 
first one is to provide a device that can estimate 
the whiteness value of rice grains, while the second 
one is to implement remote monitoring through 
wireless networks and online web browsing show-
ing data received from our developed device. This 
can be achieved by using two main parts, i.e. a sen-
sor node and an Embedded Web Server (EWS) 
gateway, as shown in Figure 1. Both are connected 
through a Zigbee wireless network.

2.1 Sensor node

A block diagram of the sensor node is shown in 
Figure 2.

The main component of the sensor node is a 
TCS230 color sensor with 4 white LEDs. It con-
sists of four types of photodiodes, i.e. blue, green, 
red, and clear. Spectral responsivity of each pho-
todiode can be found in its datasheet. Four white 
LEDs shine down at 45 degrees onto the sample 
to flood it with white light. This is called geometry 
45°/0°, i.e. the sample is illuminated in an angle of 
45° and observed under 0° from the normal. Then 
the output of the color sensor is a square wave 
with the frequency directly proportional to light 
intensity.

In this work, to measure the whiteness value, 
milled rice samples are placed into a cylindrical 
sample holder with a diameter of 53 mm and a 
depth of 8 mm as shown in Figure 3b. To reduce 
reflection of the ambient light, the internal surface 
of the enclosure were painted flat black. The white-
ness level is measured by capturing the reflected 
light, on a rice sample from LED light sources.

An Arduino Mega 2560 board is employed to 
process frequency data from the sensor so that 

the whiteness level is estimated, displayed on the 
LCD as seen in Figure 3a and transmitted via 
the Zigbee wireless network to the EWS gateway. 
 Furthermore, the operator can specify the upper 
and lower allowable limits of the whiteness level. 
If  the estimate of the whiteness level is out of the 
given allowable range, the red LED and the alarm 
indicator will be triggered to alert the operator.

2.2 Embedded Web Server (EWS) gateway

A EWS gateway is used to link two network sys-
tems, i.e. the Zigbee wireless network for the sensor 
node and the Ethernet network for the Internet. 
A block diagram with main components is shown 
in Figure 4. The EWS gateway receives and records 
all data from the sensor node and acts as a web 
server that can provide web pages to any web 
browsers from anywhere.

To realize such functions, an Arduino Mega 2560 
board, called a wireless sensor interface board, is 
employed to collect all data from the sensor node 
and then transmits to a Raspberry PI single board 
computer via serial communication. The funda-
mental services required to turn the Raspberry 

Figure 1. A remote monitoring system model.

Figure 2. A block diagram of the sensor node.
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Pi (see Fig. 5) into a EWS consist of Apache (the 
web server itself), PHP (scripting language), and 
MySQL (database server).

3 EXPERIMENTAL RESULTS

To show the effectiveness of our proposed method, 
the following two experiments have been conducted.

3.1 Performance tests of the proposed device

The rice used for this study consisted of 11 samples 
with different milling degrees. The first 5 samples 
were used to establish the relationship between the 
responses of the RGB color sensor and the white-
ness percentage taken from the commercial white-
ness meter (model C-300, Kett Electric Laboratory), 
while the other samples were used to test the accu-
racy of the equation. All measurement steps on the 
whiteness level of milled rice samples were repeated 
three times by filling the sample holder each time to 
attenuate the random error. A white plate was used 
for white balance adjustment of the TCS230 color 
sensor. The experiment was conducted as follows:

1. The RGB intensity values (ranging from 0 to 
255) of the first 5 rice samples measured by our 
device were compared with the corresponding 
whiteness percentage indicated by the commer-
cial whiteness meter. The results are presented 
in Table 1.

2. The linear regression technique was used to 
determine the relationship of the results shown 
in Table 1. There is a strong linear relationship 
between the whiteness meter reading and the 
RGB intensity values as indicated by a high coef-
ficient of multiple determination (R2 = 0.9999). 
That relation exists as follows:

y =  2.7282 − 0.2105 (x1) + 0.6319 (x2) 
− 0.0596 (x3) (1)

Figure 3. Our device for whiteness measurement using 
a TCS230 color sensor: (a) its front panel with an LCD 
display, and (b) its inside look.

Figure 4. A block diagram of the EWS gateway.

Figure 5. A EWS gateway.
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Table 1. Whiteness percentage of milled rice samples 
measured by the commercial whiteness meter served as 
the reference values and the RGB intensity values of 
those determined by our device.

Rice 
samples

Whiteness 
percentage 
by C-300 Kett 
whiteness meter [%]

RGB intensity val-
ues by our device

R G B

1 35.16 105  93 71
2 37.90 108  99 78
3 40.80 116 107 86
4 43.00 120 112 88
5 44.80 125 117 93

Table 2. The other six rice samples tested on our device compared with the commercial whiteness meter.

Rice 
samples

Whiteness percentage 
by C-300 Kett 
whiteness meter [%]

RGB intensity values by 
our device Whiteness 

percentage based 
on Equation 1 [%] % errorR G B

1 41.76 118 108 85 41.56 0.48
2 42.40 110 107 87 42.06 0.8
3 43.90 120 110 91 43.20 1.06
4 43.96 119 112 92 43.94 0.45
5 44.10 115 106 86 43.85 0.57
6 44.50 119 112 97 44.78 0.62

Figure 6. Three lines in the chart displayed on the web browser representing the estimated whiteness percentage, the 
upper, and the lower allowable limits of the whiteness percentage.

where y is the estimate of the whiteness percent-
age of rice grains and x1, x2, and x3 are the inten-
sity values of red, green, and blue, respectively.

3. The other six milled rice samples were used to 
verify the accuracy of our device. In Table 2, 

it is found that the estimated values of milled 
rice whiteness based on Equation 1 in terms of 
whiteness percentage were close to the measure-
ments by the commercial whiteness meter.

3.2 Remote monitoring tests via the embedded 
web server

In the second experiment, remote monitoring via 
the web browser was evaluated as follows:

1. A MySQL database was first created. It con-
tains the ID number as a primary key, current 
timestamp, whiteness percentage, and upper 
and lower allowable limits.

2. A program of the sensor node was executed to 
estimate the whiteness percentage and to trans-
mit all data to the EWS gateway via wireless 
communication.

3. A program of the wireless sensor interface 
board was executed to receive all data from the 
sensor node via wireless communication and to 
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transfer all received data to the EWS via serial 
communication.

4. A program written in Python on the Raspberry 
PI was executed to receive the data from the 
wireless sensor interface board via serial com-
munication and then all data were recorded into 
the database created at step (1).

If  there is a URL request from the web browser, 
the EWS retrieves data from the MySQL database 
and then creates a web page to remotely display 
line charts of the estimated whiteness percent-
age, and the upper and the lower allowable limits 
on the web browser. These line charts shown in 
Figure 6 were implemented by using Highcharts 
(http://www.highcharts.com), which is a charting 
library written in HTML5/JavaScript.

4 CONCLUSIONS AND FUTURE WORK

Due to consumer preference of white rice grains, 
the degree of milling determines the amount of 
removal of bran layer from the surface of milled 
rice and thus relates to its whiteness. Because of this, 
our device has been built to estimate the whiteness 
percentage of the milled rice. As seen in the experi-
mental results, our developed device has no sensible 
deviation from the measurements given by a com-
mercial whiteness meter. Thus, this is an opportu-
nity to use our low-cost and reliable device in mill 
industries. For remote monitoring, whiteness per-
centage of rice grains and its allowable percentage 
range can be transmitted via wireless communica-
tion from the sensor node to the EWS and remotely 
displayed on the web browser successfully.

In the future, this device can be used to continu-
ously monitor whitened rice during the whitening 

process, resulting in improving the milling process 
and quality assessment. Development of wireless 
sensor networks for the rice mill is also our future 
research direction.
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ABSTRACT: In bioinformatics, the detection of gene deletion has been an important research direction. 
In this paper, machine learning is combined with biology, and is applied to detect gene deletion. Based on the 
human chromosome 21 and 22 related datasets from the 1000-Genome Project, the present study simulates 
the experiment samples, and extracts the characteristics of biological significance by using classification 
algorithms in machine learning. The experiment adopts three classification algorithms: Adaboost algorithm, 
inverse Boosting algorithm and the improved inverse Boosting algorithm, to classify the samples. The gener-
alization error of the three algorithms and the ultimate generalization error of Boosting series algorithms are 
obtained through experiment. The experiment result shows that the accuracy of detection of gene deletion 
can reach about 80% using Boosting series algorithms. Consequently, in bioinformatics, the Boosting series 
algorithms of machine learning can be used to detect gene deletion with better detecting performance.

Keywords: detection of gene deletion; adaboost algorithm; the inverse boosting algorithm; the modified 
inverse boosting algorithm

Machines (SVM) in biology, by extracting relevant 
characteristics for SVM training in order to deter-
mine whether there is gene variation. In addition, 
Wittler[12] combined cluster method with biology, 
and ultimately improved the accuracy in the detec-
tion of overlapping variation rate. The above litera-
ture demonstrates that machine learning has broad 
application prospects in gene variation detection. 
In this paper, a new method to detect gene deletion 
is proposed using Boosting series algorithms.

One of the tasks in detection of gene deletion 
is to determine whether there is a deletion in gene 
sequence. Characteristics of biological significance 
are extracted from gene data. Some of these char-
acteristics are able to classify the relevant gene 
data into two groups: with deletion and without 
deletion. This classification problem can be effec-
tively solved by machine learning. Consequently, 
this paper uses three Boosting series algorithms of 
machine learning to address the above mentioned 
problem. These algorithms include Adaboost 
algorithm, Inverse Boosting (IB) algorithm[13] and 
improved Inverse Boosting (IB+) algorithm[14].

2 CHARACTERISTIC EXTRACTION 
AND EXPERIMENTAL SAMPLES

2.1 Gene deletion analysis

In genetics, gene deletion refers to the fact that 
gene variation results in the deletion of genetic 

1 INTRODUCTION

Bioinformatics is the science which uses compu-
ter as a tool for biological information storage, 
retrieval and analysis. With the rapid development 
of life science and computer technology, bioinfor-
matics has become one of the most advanced sub-
jects and it has been extensively applied to genetic 
studies. Among the important genome structural 
variation types, there is one highly related to some 
complicated diseases and gene deletion. Therefore, 
the detection of gene deletion has become one 
important research subject in bioinformatics and 
medical field. The existing detection methods of 
gene deletion include read-pair, split-read[1–2], etc.

With the continuous development of machine 
learning, its application in biology is also expand-
ing. Examples include the classification of gene 
expression data[3] in the study of the biologi-
cal microarray, protein structure prediction[4–6] 
and protein interaction prediction[7] in proteome 
research, and gene identification[8] as well as rec-
ognition of regulatory elements in non-coding 
region[9] in genome research. Machine learning 
research has important significance in detection 
of genome structural  variation. Albers et al.[10] 
proposed a Bayesian method using short reads 
data from Illumina sequencing platform to detect 
genome variation, which effectively improves 
the detection rate of genome variation detection 
rate; Grimm et al.[11] introduced Support Vector 
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material from DNA sequence or chromosome. 
Such deletion can occur in any position and the 
number of deletion is uncertain[15]. The DNA 
sequence is composed of several bases (A, G, C, 
and T). The length of gene fragment represents the 
number of bases, with the unit bp. In this paper 
we adopted one popular detection method of gene 
structural variation, called Paired-End Mapping 
(PEM) method or read-pair method. This method 
comprises two fragments and the distance between 
them. The method uses a large number of indi-
vidual fragments obtained by high-throughput 
sequencing technology and maps them to the refer-
ence genome using mapping tools based on BWA 
or BWT algorithms. Then it can be determined 
whether there is a deletion or not. The detection 
principle of PEM is as follows. Normally, when 
read-pair is mapped to the reference genome, the 
observed mapping direction is invariable and the 
mapping distance (insert size) is in a specified 
range according to the insert size in the sequenced 
library. If  the mapping distance is beyond the 
upper bound of the range, there is a potential dele-
tion (Fig. 1) and the mapping distance equals to 
the upper bound of the insert size sequence data-
base plus the length of deletion fragment.

2.2 Characteristic extraction

Under deletion and non-deletion circumstances, 
the mapping information around the deletion 
site reveals differences when the gene fragment is 
mapped to the reference genome. Therefore, the 
information on the differences can be used as indi-
cators of the existence of deletion.

The next generation sequencing technology 
uses a large number of reads of the same length 
from individual gene, and maps them to the refer-
ence genome. In the case of no deletion, the prob-
ability of each read mapped to the related site of 
the reference genome keeps unchanged. In other 
words, the tested gene and the reference genome 
have equal number of mapping reads and equal 
mapping depth (Fig. 2). However, a deletion in the 
tested gene will reduce the number of reads in the 

Figure 1. Illustrations of the detection of gene deletion 
using PEM method. The purple line at the top represents 
the reference genome; the red shadowed area indicates 
gene deletion, and the green bars represent read-pair.

Figure 2. Illustration of the mapping depth in the case 
of no deletion. The line on the bottom represents the ref-
erence genome; the short lines represent the reads, and 
the number of reads in the shadow area represents the 
mapping depth in any region of the reference genome.

Figure 3. Illustration of the mapping depth in the 
existence of deletion. The marked area of the reference 
genome indicates gene deletion, and the number of reads 
in the shadow area represents the mapping depth at the 
deletion site.

mapping area and decrease the mapping depth as 
well (Fig. 3).

By comparison between Figure 1 and Figure 2, it 
can be noted that the existence of deletion dramati-
cally reduces the number of reads and the mapping 
depth in the deletion site. Consequently, the number 
of reads mapped to the deletion site and the map-
ping depth serve as two important characteristics 
to determine whether there is a deletion.

The length of read has a certain impact on 
the mapping result. A smaller length increases the 
number of mapping sites, and the detection of gene 
deletion will become more difficult or even lose the 
mapping significance. However, if  the length is too 
large, the number of mapping sites may be reduced 
to a certain extent which makes it unable to map. 
Consequently, the number of meaningful mapping 
reads can also be used as an important parameter.

The length of the gene deletion fragment and 
the number of deletion base are various from 1 bp 
to N bp. The number of reads mapping on the 
deletion site of longer deletion length is smaller 
than that of shorter deletion length. As a result, 
the length of the deletion gene fragment serves as 
another important parameter.

3 GENERATION OF EXPERIMENTAL 
SAMPLES

The experimental samples for classification are 
generated by combining the above characteristic 
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 parameters with the classes according to the VCF file. 
The process of generating of the experimental sam-
ples consists of data preprocessing and characteris-
tic parameter extraction. Data preprocessing finally 
generates the standardized SAM format genetic data 
file. The steps of preprocessing is as follows:

• According to each gene Structural Variation 
(SV) information in VCF file, the deletion indi-
viduals are generated with 50% probability. Thus 
the ration of variation number to non-variation 
number is 1:1. The VCF file records the impor-
tant mapping information, such as the deletion 
sites, the deletion length and so on.

• Each generated individual corresponds to a 
Fasta format file, according to which reads file 
is generated through simulation.

• The reads file is mapped to the reference genome 
using SAMTOOLS which integrates BWA algo-
rithm. The BAM file recording the mapping 
information is finally generated. The reference 
genome used this paper is the 21th and 22th 
chromosome of the 1000-Genome Project.

• Because the BAM file is binary, the BAM format is 
translated into the SAM format by SAMTOOLS.

The length of read should be moderate. In the 
experiment, the length is 50 bp. The sequenc-
ing depth is the ratio of the total size of bases to 
the size of the genome. This depth is one of the 
indexes to evaluate the sequencing capacity. There 
is a positive relationship between the sequencing 
depth and the genome mapping depth. The calcu-
lation formula is as follows:

Sequencing Depth

Lengtht= ( )Number Lengtht×Numberrr Lengthtt× CLengthhtt) homCC e

 (1)

where NumberReadPair r is the number of read-
pair; LengthReadh  is the length of read, and 
LengthChomhh e is the length of chromosome with 
chome = 1 2 3 23, ,2 ..., .

The experimental samples are generated 
through the above 4 steps in the format of 

S { }T T T CnTTTT TTTT , where Tn represents the char-
acteristic parameters with n = 1 2 3 13, ,2 , ..., , C indi-
cates the classifications. C ∈{ },}  0,1 and 1,0 
represent deletion and non-deletion respectively. 
According to the different number of read-pair, 
the size of sample, the sequencing depth and the 
number of characteristics, the experiment generates 
5 samples, whose detailed information is shown in 
Table 1.

4 THE MACHINE LEARNING MODEL

The Adaboost algorithm, IB algorithm and IB+ 
algorithm are all subject to the Boosting series 
algorithms. Using the method of linear integration 
of several weak classifiers, the Boosting algorithms 
is able to generate a strong classifier[16]. In this way 
the weak learning algorithm can be enhanced in 
order to imporve the learning accuracy.

The Adaboost algorithm is one of the most pop-
ular and most widely used Boosting algorithms. It 
integrates some weak classifiers, whose classifica-
tion accuracy is merely better than random guess. 
The core idea of this algorithm is to increase the 
weights of the correctly classified samples and 
the weights of those incorrectly classified. The 
Adaboost algorithm has the over-fitting problem 
on the erroneous samples or the difficult samples. 
Considering the problem above, Kuncheva et al. 
proposed the IB algorithm, the training process of 
which is contrary to the Adaboost algorithm. The 
IB algorithm decreases the weights of incorrectly 
classified samples and increases the weights of the 
correctly classified ones, so as to relieve the over-
fitting problem. Although the IB algorithm partly 
improves the generalization performance, but the 
results are still unsatisfactory. Therefore, the IB+ 
algorithm is proposed.

Based on the inverse sample weight adjustment 
strategy, the IB+ algorithm integrates a part of 
subnets to generate the intermediate layer network 
and uses the intermediate layer network to deter-
mine the classification correctness[14]. Suppose that 
the training sample set is S x x ym my{( )y ( ,xm )},1 1y, yy  

Table 1. The detailed information of samples.

Properties Sample 1 Sample 2 Sample 3 Sample 4 Sample 5

Chrome number 21 22 21 21 22
The number of read-pair 5000000 5000000 5000000 8000000 5000000
Length of read 50 50 50 50 50
Sample size 470 393 470 470 1310
Sequencing depth 11 10 11 20 10
The number of characteristics 13 13 7 13 13
Variation/non-variation 1:1 1:1 1:1 1:1 1:1
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yi ∈ {−1, +1} and P  represents the weak learner, then 
the IB+ algorithm can be described as follows:

1. Initialize weight iω lωω i m= 1 1i =i/ ,mmm , ..., ;  and set 
the beginning subnet identification of the inter-
mediate layer network S l , where l  represents 
the well trained subnet.

2. For t T1, ..., :
(1)  Train weak learner using distribution ωiω lωω , and 

get the weak classifier h xthh ( )x : {x , }−{ 1, .
(2)  Compute the error of hthh ( )x :

εt iεε t

i

m
= ω iω t

=
∑

1
[ ( ) ]≠ .( yt i( i

(3)  If  εtε > 0 5.  or εtε p>  and t T , go back to 
step (2), otherwise compute the subnet 
weight α εt tα εα tε1/ l22 n /εtε1 .

(4)  Integrate the subnets from S to t:

h xmh ( )x = signi hl lh
l s

t
ωll ( )x

⎛
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⎝⎝

⎞
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where Zt is a normalization factor.

3. Output the final classifier:

f signi ht thh
t

T

( )x = ( )x
⎛

⎝⎜
⎛⎛

⎝⎝

⎞

⎠⎟
⎞⎞

⎠⎠=
∑αt

1
.

Step (4) represents the important improvement, 
and step (5) shows the inverse weight strategy.

5 EXPERIMENT AND ANALYSIS

The experiment adopts the three algorithms men-
tioned above to classify the samples. The number 
of weak classifiers is 20 and the number of itera-
tion is 500. In the sampling phase, 4/5 samples 
were randomly selected as training samples and 
the rest as test samples. Each algorithm was run 
for 5 times. Then the generalization error of the 
three algorithms on the 5 experiment samples can 
be obtained.  Further experiment computes the 
average generalization error of each column using 
Equation (2). Then the arithmetic mean value of 
the generalization error of the three algorithms 
was calculated for every sample and is shown in the 
last column (AVERAGE) of Table 2. Then we can 
calculate the Average Generalization Error (AVG) 
of each algorithm, which is shown in the last row 
of Table 2. Although the generalization error has 
fluctuations within a  narrow range, it is basically 

Table 2. The statistical table of generalization error.

1 2 3 4 5

AVERAGEADA IB IB+ ADA IB IB+ ADA IB IB+ ADA IB IB+ ADA IB IB+

0.164 0.270 0.245 0.321 0.305 0.359 0.343 0.419 0.381 0.2 0.249 0.274 0.407 0.299 0.413 0.310
0.183 0.232 0.232 0.333 0.297 0.333 0.317 0.370 0.343 0.187 0.223 0.239 0.284 0.309 0.364 0.283
0.177 0.245 0.211 0.313 0.313 0.295 0.281 0.362 0.332 0.151 0.238 0.208 0.250 0.305 0.350 0.269
0.160 0.247 0.221 0.3 0.310 0.295 0.272 0.366 0.326 0.147 0.238 0.218 0.249 0.299 0.347 0.266
0.160 0.251 0.221 0.262 0.313 0.3 0.253 0.383 0.326 0.149 0.253 0.210 0.252 0.313 0.344 0.266
0.158 0.253 0.217 0.256 0.3 0.308 0.260 0.383 0.313 0.143 0.270 0.197 0.241 0.332 0.354 0.266
0.145 0.249 0.215 0.269 0.295 0.308 0.243 0.385 0.302 0.136 0.260 0.197 0.228 0.340 0.364 0.262
0.153 0.266 0.213 0.228 0.295 0.318 0.196 0.385 0.292 0.128 0.260 0.202 0.230 0.339 0.365 0.258
0.143 0.277 0.204 0.223 0.308 0.318 0.202 0.385 0.279 0.145 0.262 0.200 0.227 0.342 0.372 0.259
0.140 0.281 0.211 0.195 0.321 0.333 0.221 0.381 0.277 0.151 0.266 0.205 0.220 0.343 0.365 0.261
0.147 0.289 0.217 0.203 0.331 0.326 0.198 0.383 0.281 0.149 0.270 0.200 0.229 0.341 0.380 0.263
0.143 0.287 0.221 0.210 0.346 0.336 0.215 0.389 0.283 0.140 0.285 0.200 0.218 0.346 0.385 0.267
0.147 0.289 0.223 0.218 0.354 0.341 0.206 0.389 0.285 0.140 0.292 0.205 0.202 0.347 0.398 0.269
0.155 0.287 0.221 0.236 0.356 0.339 0.219 0.389 0.289 0.143 0.294 0.200 0.197 0.346 0.401 0.271
0.147 0.277 0.228 0.210 0.359 0.351 0.238 0.387 0.287 0.151 0.296 0.205 0.197 0.350 0.405 0.273
0.151 0.268 0.226 0.190 0.364 0.356 0.213 0.387 0.292 0.145 0.298 0.205 0.195 0.350 0.402 0.269
0.238 0.251 0.226 0.185 0.364 0.359 0.187 0.392 0.294 0.147 0.298 0.202 0.192 0.350 0.402 0.272
0.217 0.247 0.226 0.182 0.367 0.354 0.199 0.389 0.294 0.143 0.302 0.205 0.197 0.356 0.401 0.272
0.192 0.251 0.223 0.182 0.359 0.356 0.217 0.389 0.302 0.136 0.311 0.210 0.207 0.356 0.405 0.273
0.185 0.247 0.226 0.182 0.367 0.364 0.215 0.387 0.302 0.136 0.315 0.208 0.202 0.352 0.407 0.273

AVG
0.165 0.263 0.221 0.235 0.331 0.332 0.235 0.385 0.304 0.148 0.274 0.210 0.231 0.336 0.381
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in the range of 0.2–0.3. The detailed statistics are 
shown in Table 2.
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 (2)

In Equation (2) K is the number of operations; E 
is the generalization error of each operation; AGE 
represents the arithmetic mean value of the same 
algorigthm; AVGVV ERROG R expresses the average gen-
eralization error, and n is the number of networks.

The data in the last column of Table 2 are used 
to plot Figure 4 (Fig. 4).

As shown in Figure 4, the curve represents the 
detection effect of gene deletion based on the Boost-
ing series algorithms. It is evident that when the 
number of network is 1, the generalization error 
reaches the greatest value. With the increase in the 
number of network, the generalization error shows 
a decline tendency till the number of network grows 
to 8. Although the generalization error has fluctua-
tions within a narrow range, it is basically in range of 
0.2–0.22. When the number of network is 17, the gen-
eralization reaches the smallest value of 0.2. Based on 
the above analysis, we can draw a conclusion that the 
classification accuracy of the gene deletion can reach 
78%–80% using the Boosting series algorithms.

6 CONCLUSIONS

In this paper, the Boosting series algorithms 
are applied to the detection of gene deletion. 

By simulating 5 experimental samples based on 
the human chromosome 21 and 22 related datasets 
from the 1000-Genome Project, Adaboost algo-
rithm, IB algorithm and IB+ algorithm are adopted 
to classify the experimental samples and to obtain 
the generalization error of the three algorithms, 
the average generalization error and the final gen-
eralization error of the Boosting series algorithms. 
According to the final generalization error of the 
Boosting series algorithms, we can draw a conclu-
sion that the classification accuracy in the detec-
tion of gene deletion can reach about 80% using 
the Boosting series algorithms. This conclusion 
shows that in bioinformatics, the Boosting series 
algorithms can be used to detect gene deletion and 
can achieve better detection performance. Because 
of the large size of gene data and the difficulty in 
characteristic extraction, the classification time 
efficiency of the Boosting series algorithms is not 
satisfactory. Consequently, future research should 
focus on how to extract more useful characteris-
tics on the premise that the classification accuracy 
is not affected, so as to reduce the sample data 
dimension. In addition, we can use some methods 
like clustering to perform preprocessing on the 
gene data, and then generate the data sample by 
choosing the representative gene data from each 
class. Using the methods mentioned above, the 
sample size will be reduced.
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Multiple-range query processing in Main Memory Column Store
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ABSTRACT: Multiple-range query is one of the most commonly used query types in DBMSs. In this 
paper, we focus on the processing of such queries in main memory column store, which is a promising 
physical design for OLAP applications. For this, database cracking is usually adopted in the existing 
methods. However, under the case of more than one predicates in the query, there comes the challeng-
ing problem that the overhead for construction and maintenance of database cracking overshadows the 
benefit it brought. To solve this problem, a cost model is proposed in this paper to test whether the adap-
tive index should be used or not in the query plan. Based on this model, we can obtain the optimal query 
plan for the query. The experimental results show the efficient processing of multiple-range query based 
on generated query plan in main memory column store.

Keywords: multiple-range query; adaptive index; cost model; main memory column store

measure the execution time of each query plan for 
the same query. Finally, based on the result of the 
cost model, we use a heuristic method to choose 
the most suitable query plan for the current query.

The remainder of this paper is organized as fol-
lows. Section 2 introduces related work on this issue. 
Section 3 describes the cost model and generation of 
optimal query plan in detail. Section 4 uses a set of 
experiments to prove the accuracy of the cost model 
and the efficiency of the generated plan, followed 
by the conclusion and future work in section 5.

2 RELATED WORK

In this section, we give related work referred to 
the issue. In MMCS, selection vector (Boncz et al. 
2005) is usually adopted to process queries, which 

1 INTRODUCTION

Multiple-range query processing is one important 
issue in DBMSs, which applies predicates on more 
than one attributes. In row store, multi- dimensional 
structures (e.g. R Tree) are adopted as an index to 
process such query (Chovanec et al. 2011). With 
the physical design changes to the Main Memory 
Column Store (MMCS) (Plattner et al. 2009, 
 Chasseur et al. 2013), in which each column is 
separately stored and correlated data resided in 
memory during processing, the traditional struc-
tures become inefficient due to multiple access to 
separately stored columns.

Database cracking (Idreos et al. 2007, 2011, 
2012) is usually adopted to realize the multiple-
range query processing in MMCS. It is con-
structed and maintained as a side product of 
query processing. The core idea of this structure 
is that data and index structures are reorganized 
continuously, adaptively, partially, incrementally, 
and on demand. Thus, the amount of data that 
will be touched can be significantly decreased, 
which has a beneficial effect on query processing. 
Figure 1 shows one example for database  cracking. 
However, in some case, the disadvantage of the 
adoption of database cracking will outweigh its 
advantages. For example, when the query has more 
range predicates, the cost for construction and 
maintenance of the adaptive index will become 
unaffordable. So, database cracking is not suitable 
for all cases. In this paper, we first present several 
alternative query plans, with adaptive index or 
not, for the processing of multiple range query 
in MMCS. Then, a cost model is introduced to 

Figure 1. Main principles of database cracking.
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realize bulk processing in an efficient way. Vectors, 
defined as cache-resident and vertical data frag-
ments, are passed through pipelined operators. For 
multiple range queries, query correlated columns 
are processed vector-at-a-time and derive interme-
diate bit vectors. Bitwise anding operator is then 
applied to intermediate bit vectors of all columns 
to obtain the final bit vector that indicates which 
tuples are qualifying all the query predicates. Based 
on the final bit vector, tuples of user interest can be 
aggregated or retrieved.

Besides selection vector, processing of  such 
query based on database cracking is also pro-
posed and three approaches have been developed: 
sideways cracking in (Idreos et al. 2009), partial 
sideways cracking in (Idreos et al. 2009), and 
covered-cracking in (Schuhknecht et al. 2013). 
Basic principle of  sideways cracking (Idreos et al. 
2009) is given in Figure 1, where MPQ represents 
cracker map consisting of  columns P and Q in 
relation R. It can be described as follows: first, 
for n predicates in the query, n−1 cracker maps 
will be constructed with the same key column; 
then, adaptive index on the key column is used to 
reorganize each map; finally, we use the reorgan-
ized cracker maps to find the qualifying tuples. 
Thus, for each predicate on the non-key col-
umn, we only need to touch a smaller area of  the 
cracker map. Partial sideways cracking in (Idreos 
et al. 2009) is optimized based on sideways crack-
ing besides the consideration of  memory storage 
restrictions. Covered-cracking in (Schuhknecht 
et al. 2013) adopts an expanding form of  the 
cracker map, which may consist of  more than two 
columns. The number of  key column is still equal 
to 1, whereas the number of  non-key column may 
be larger than one.

3 QUERY PLAN FOR MULTIPLE-
RANGE QUERY

In this section, we present the cost model and gen-
eration of optimal query plan. We first describe the 
space of candidate query plans for multiple-range 
query processing in MMCS. Then, a cost model 
is proposed to measure the cost for these plans. 
Finally, the generation of optimal query plan based 
on this cost model is presented.

Considering the memory storage restriction, 
each column in the relation is stored with fixed 
length values and implicit tuple-IDs. We can cal-
culate the tuple position by the offset to the begin-
ning of the column.

In the cracker map, the key column value and 
the non-key column value that have the same offset 
to the beginning of the map belong to the same 
tuple in the original relation.

3.1 Candidate query plans

Based on the usage of database cracking (i.e. use or 
not, partially use or completely use) in query plans, 
we can classify them into three types: selection vec-
tor based query plan, crack-based query plan, and 
hybrid query plan. Combined with TPC-H Q6, as 
Figure 2 shows, we will present a concrete descrip-
tion of the query plans.

Selection vector-based query plan is executed 
by the adoption of  selection vector. First, we set 
the selection vector size according to the cache 
size; then, the columns referred to the current 
query are processed by the granule of  the vec-
tor size. In each vector, the corresponding query 
predicate is applied to filter the query tuples, and 
the intermediate results is represented as a bit 
vector (1 is defined as qualifying tuples and 0 is 
defined as opposite). When each current vector 
of  all the query-referred columns is processed, 
we use bitwise Anding to obtain the final results, 
namely the tuples qualifying all predicates in the 
current vector, and is also represented as a bit vec-
tor with the same definition. The final bit vector 
is then applied to retrieve the data that of  interest. 
 Figure 3 shows the selection vector-based query 
plan for TPC-H Q6.

Crack-based query plan performs database 
cracking on cracker maps, methods described in 

Figure 2. Definition of TPC-H Q6.

Figure 3. The execution schema of selection vector-
based query plan.
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related work belong to this type. Figure 4 shows 
the crack-based query plan for TPC-H Q6.

As the name shows, hybrid query plan is the 
combination of the above two methods. In this 
query plan, some attributes are testified by data-
base cracking and the other by scanning; finally, the 
result of scanning and the key column in cracker 
map will be combined as a cracker map. Through 
the cracker map, we can acquire the tuples that sat-
isfy all predicates in the query.

3.2 Cost model

The above three plans are suitable for different sce-
narios. So, we need a cost model to estimate the 
execution time of each query plan for the same 
query, and then we can generate an optimal query 
plan with a minimizing cost for the multiple-range 
query.

During the generation of optimal query plan, 
it is necessary to determine the access method for 
predicates on each column in the query, scanning 
or cracking with the key column. Equation 1 gives 
the cost for query Q, where m indicates the number 
of range attributes that the current query referred 
to and CkCi indicates that the cracker map consists 
of key column Ck and non-key column Ci.

Cost C ti cC t rack
i

m
( )Q min(cos (t )scan k i( )k iC Ck i )

=
∑

1
 (1)

In the following, we give the cost for scanning 
and cracking separately. For scanning, its effi-
ciency is mainly determined by the size of the 
 column. Equation 2 gives the cost for scanning on 
the column, where n indicates the size of column 
and Cread indicates the execution time for reading 
and testing one tuple.

Cost n Cscant readC( )T *  (2)

For cracking, we assume that the key column 
has been determined. Equation 3 gives the cost 
for cracking on the cracker map which consists 
of key column M and non-key column N, where 
n indicates the size of the data that will be cracked 
in the cracker map. Cexchange indicates the execution 
time for exchanging two values and is machine 
dependent. The cost for cracking is mainly deter-
mined by the number of exchanging operations. In 
the best-case situation, namely the data are already 
in order, the cost will be zero. However, in the 
worst-case situation, namely the data are in reverse 
order, all data will be exchanged. In Equation 3, we 
consider the average case for cracking.

Cost Ccrack ( )MN ( /n )*= 2 exchangeC
 

(3)

3.3 Generation of the optimal query plan

We illustrate the generation of optimal query plan 
based on the above cost model. During the genera-
tion, we always choose the execution way that has 
the minimal cost in each step. We divide the referred 
attributes in the query into two kinds: attributes 
with cracker map and attributes without cracker 
map. For the first kind, it provides the key col-
umn that will be used to construct the cracker map 
for the other attributes. For the second kind, we use 
the cost model to determine the accessing way: con-
struct cracker map or directly scanning. The final 
query plan is represent by the tree structure, which 
indicates the execution sequence of the query plan.

The main steps of this generation are as follows:

Step 1: check the existing cracker maps for the 
referred attributes in the query. If  all exist, select 
the cracked-based query plan for the query, go 
to step 6; if  not, go to step 2;

Step 2: if  a large part of the cracker maps exist, 
we compare the cost for scanning to the cost for 
construction of cracker maps. If  the scanning 
cost is larger than construction cost, go to step 
3, else, go to step 4; if  none of the cracker map 
exist, go to step 5;

Step 3: construct cracker maps for each attribute 
without cracker map based on the same key col-
umn, then the crack-based query plan is selected, 
go to step 6;

Step 4: perform scan-based query plan on the 
attributes without cracker map, and then com-
bine the scanning result with the key column as 
a new cracker map, then, the hybrid query plan 
will be chosen, go to step 6;

Step 5: choose the minimal selectivity in all predi-
cates, the corresponding column will be selected 
as the key column, go to step 3;

Figure 4. The execution schema of crack-based query 
plan.
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Step 6: output the query plan generated for the 
current query.

The new cracker map, mentioned in step 4, con-
sists of the key column and one bit-vector. Values 
1 in the bit-vector represent the tuples that satisfy 
the predicates on the scanning attributes. The map 
will be reorganized according to the predicate on 
the key column. Thus, the result of cracking and 
scanning can be combined together in the hybrid 
query plan.

4 EXPERIMENTAL RESULTS

In this section, we give a set of experiments to 
testify the efficient processing of multiple-range 
queries. The experiments are implemented on 
machines running Ubuntu 12 with 16 GB of main 
memory. These experiments are based on TPC-H 
benchmark. The variable SF indicates the size of 
the relation lineitem, which equals to SF*6000000. 
Because we focus on processing of multiple range 
queries on one relation, we choose Q6 in TPC-H as 
the query to be executed, which referred 4 columns 
in the relation of lineitem. The definition of Q6 is 
given in Figure 2.

We run the workload that consists of 1000 que-
ries in the experiments. All queries have the form 
of TPC-H Q6, with different random values for 
the three parameters: DATE, DISCOUNT, and 
QUALITY. We analyze the experimental result 
from two aspects: the execution time of each query 
and the cumulative time of the whole workload.

Figure 5 shows the execution time of each query 
in the workload with SF = 100. We can see that 
the execution time of the query sequence based on 
Selection Vector (SF) is around 1500 ns and with 
a slight change (150 ns) for each query. For crack-
based plan and optimal plan, the average cost of 
the query sequence is lower but with a higher cost 
for the first several queries. This is due to that 
crack-based plan and optimal plan adopt database 

cracking totally or partially, which provides a ben-
eficial effect for the subsequent queries.

Meanwhile, compared with crack-based plan, 
the optimal plan avoids the execution time peak in 
the query sequence and especially the first several 
queries, which is obtained by a selection of optimal 
query plan based on the cost model.

Besides the improved performance for each 
query in the workload, cumulative time for the 
whole workload is also a significant indicator. 
 Figure 6 shows cumulative time of the workloads 
with different values for scale factor of TPC-H. We 
set SF with four values: 0.1, 1, 10, and 100. We can 
see that for various sizes of the data, the cumu-
lative time based on optimal plan keeps the same 
with crack-based plan and lower than the Selection 
Vector (SV)-based plan.

Consequently, the optimal plan generated based 
on the cost model can obtain a better performance 
for both individual query and the whole workload.

5 CONCLUSION AND FUTURE WORK

The existing methods for processing multiple-range 
queries in MMCS are inefficiency in some cases. To 
address this problem, a generation of optimal query 
plan is proposed in this paper, which is based on 
the estimation of one cost model. The experimental 
results show that the query plan generated based 
on the cost model can obtain a good performance.

In the future work, we will focus on the parallelism 
of the on modern cpu architectures, such as SIMD 
and mutli-core, to further improve the performance 
of multiple-range query performance in MMCS.
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ABSTRACT: Sorting is the most fundamental operation in database system. There are many classical 
sorting algorithms in the past, but with the development of multi-core SIMD processors, different archi-
tectures call for more flexible algorithms to achieve high-efficiency sorting. Therefore, in this paper, we 
present a sorting algorithm. It cannot only take advantages of SIMD instructions, but makes full use of 
parallel merge sort as well. Our implementation consists of two phases: an in-core sorting phase and an 
out-of-core merging phase. The in-core sorting phase implements with 128-bit SSE, and the out-of-core 
merging phase implements with both odd–even merge and bitonic merge.

Keywords: sorting; mergesort; SIMD; database

core phase. Section 4 presents the experimental 
results. Section 5 contains the conclusion and 
future work.

2 BACKGROUND AND RELATED WORK

Over the past few decades, a lot of classical sorting 
algorithms have been proposed. Quicksort is the 
one of the most widely used algorithms among 
them, and there are many optimized implementa-
tions for quicksort. However, none of them was 
designed for the modern architectures processors, 
and it is difficult for quicksort to efficiently exploit 
SIMD instructions. Thus, a high-efficiency sorting 
algorithm designed for SIMD processors should be 
proposed as soon as possible. There were sorting 
algorithms originally used for sorting on Graph-
ics Processing Units (GPUs), which can be refer-
enced to use in modern processors, as GPUs are 
generally programmable processors with SIMD 
instruction sets.

Sorting on GPUs usually uses sorting networks. 
As a basic algorithm of sorting networks, the 
bitonic merge sort proposed by Batcher [3] had 
been widely used. It compares values in a prede-
fined order regardless of the input value, of which 
we can take advantages to implement the sorting 
algorithm using SIMD instructions. GPUTera-
Sort [4], based on bitonic sort, represents data as 
2-D arrays or textures to use data parallelism, and 
hides memory latency by overlapping pointer and 
fragment processor memory accesses. Furthermore, 
GPUABiSort [5] was proposed, which is based on 
adaptive bitonic sort [6] and uses bitonic trees to 
rearrange the data in order to reduce the number 

1 INTRODUCTION

Sorting is used for numerous computer 
applications [1]. It is not only a fundamental opera-
tion in DBMS, but also a core of other operations, 
such as index operation or search operation. Thus, 
many operations in database can take advantages 
of an efficient sorting algorithm [2].

With the development of modern proces-
sors, multi-core SIMD processors provide more 
and more cores, and each core consists of more 
and more hardware threads. The Single-Instruction 
Multiple-Data (SIMD) instructions provided by 
the processor are not suitable for many classical 
sorting algorithms, such as quicksort. For exam-
ple, an SSE instruction can load or store 128 bits 
of data in a vector register, and the instruction is 
effective only when the data are aligned on a 128-bit 
boundary. Hence, we need to find a high-efficiency 
sorting algorithm which could take advantages of 
SIMD instructions.

In this paper, we present a sorting algorithm, 
which can take advantage of the SIMD instruc-
tions and run in parallel with multiple threads. The 
contribution of this paper is as follows:

• We present a high-efficiency sorting algorithm 
for modern multi-core SIMD processors.

• We make full use of SIMD instructions’ benefits 
in sorting algorithm.

• Our algorithm provides a parallel model of 
merge sort that performs efficient.

The rest of the paper is organized as follows. 
Section 2 presents the background and related 
work. Section 3 details our sorting algorithm on 
multi-core, including in-core phase and out-of-
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of comparisons. Moreover, the development of 
GPU capabilities such as flexible comparisons and 
atomic operations makes it possible for modern 
GPUs to achieve faster merge sort.

It was Furtak et al [7] who first performed an 
analysis of exploiting SIMD instructions for sorting 
small arrays. Their implementation only changed 
the last few steps of quicksort, and improved the 
performance of the entire sort. Then AA-sort 
proposed a multi-core SIMD algorithm based on 
comb sort and merge sort [8], and it used an odd–
even merge network during the merging phase. 
Later, bitonic merge network can also be used in 
the merging phase by means of the register shuffle 
instructions. Our implementation introduces both 
of them during the merging phase.

3 HIGH-EFFICIENCY SORTING 
ALGORITHM

In this section, we first introduce two merge net-
works which is related to our algorithm, then we 
details our algorithm in two phases: In-core sort-
ing phase and out-of-core merging phase.

3.1 Merge networks

There are two merge networks that efficiently exploit 
the current set of SIMD instructions: odd–even 
merge network and bitonic merge network. Both 
of them have multiple steps, and each step executes 
simultaneous comparisons of elements. Thus, they 
are suitable for a SIMD implementation.

Figure 1 shows the steps of odd–even merge net-
work for merging arrays of length 4. Array A and 

array B are held in SIMD registers and both of the 
arrays in odd–even merge network should be sorted 
in the same (ascending) order. Odd–even merge net-
work requires fewer comparisons than bitonic merge 
network. Not all elements are compared with each 
other, so the overhead of data movement is low.

Figure 2 depicts the bitonic merge network for 
merging arrays of length 4. Array A and array B 
are sorted in the opposite order. Thus, if  array A is 
sorted in ascending order, array B should be sorted 
in descending order. For two sorted arrays in the 
same order, we need to reverse one of them. Bitonic 
merge network compares all the elements at every 
step so that it overwrites SIMD lane at each step. 
The pattern of comparison is much simpler than 
the odd–even merge network, and we can also eas-
ily implement data movement by using the existing 
register shuffle instructions, so we choose bitonic 
merge network in some cases.

Our algorithm exploits both of the merge net-
works. The in-core algorithm implements with 
the odd–even merge network, and the out-of-core 
algorithm uses both the odd–even merge network 
and the bitonic merge network.

3.2 In-core sorting phase

In this subsection, we introduce in-core sort-
ing phase in detail and focus on single thread 
algorithms.

We first introduce the basic instruction operations 
in two registers. Here, we use SIMD width of 128 bits. 
We put 4 elements in each register to vectorize data; 
thus, we can easily exploit SIMD instruction opera-
tions in these two registers, such as compare instruc-
tion, swap instruction and  transpose instruction. 

Figure 1. Odd–even merge network. Figure 2. Bitonic merge network.
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Figure 3 shows the compare and swap operations in 
two registers. As shown in the left side, we compare 
A0 to B0, A1 to B1, A2 to B2, and A3 to B3 with-
out skew, and in the right side, we execute compare 
operation with skew. Then we swap the smaller one 
to register A and the larger one to register B.

We usually load k*k numbers into k SIMD regis-
ters during the in-core sorting phase and the value k 
refers to SIMD width. Figure 4 depicts the steps of 
in-core sorting phase and here we regard each ele-
ment within a register as a lane, and we first sort the 
number within each lane by using a series of com-
pare and swap operations. Then, we exploit trans-
pose operation which requires a serious of shuffle 
operations to let numbers in each register sorted.

The odd–even sorting algorithm used in lane 
sorting is shown in Figure 5, in which the L stands 
for low while the H stands for high. Each time we 
sort a lane with four numbers, and we can obtain a 
sorted array after five comparisons. For sorting k 
numbers, it requires k − 1 + (k(log k)(log k − 1))/4  
compare operations.

3.3 Out-of-core merging phase

After in-core sorting phase, we obtain a set of 
sorted arrays. Then, we load 4 values each from 
two arrays to merge. When we merge a sorted 
array length of 4, we choose odd–even merge net-
work. After the first merge, we will have sorted 

arrays length of 8, and we optimize our algorithm 
using both of the merge networks to merge two 
sorted array length of 8. As Figure 6 shows, we use 
bitonic merge network initially to overwrite each 
SIMD lane. Thus, the input sorted arrays should 
be in opposite order. As the merging step goes to 4 
by 4 merging, we use odd–even algorithm to reduce 
the data movements, and this algorithm holds for 
any length of array.

The implementations of mixed merge  network 
requires a serious of shuffle and compare 
operations. As it shows in Figure 6, the  compare 
operations have an inherent dependency on 
the shuffle operations that generates the compare 
latency, and here we use simultaneously merging 
multiple arrays to overcome it. Since merge opera-
tions for different arrays are independent with 
each other, we can eliminate the latency by inter-
leaving compare operations and shuffle operations 
for different arrays. It means that we can parallely 
execute the shuffle operations for one array and 
the compare operations for another one.

For large data sizes, bandwidth and core numbers 
may cause poor performance, but with the develop-
ment of multi-core processors, it is bandwidth not 
number of cores that becomes the major  bottleneck. 
We introduce multi-way merging to solve the 
 problem. First, we divide the input data into chunks 
and use our algorithm to sort each chunk. Then, 
we exploit a binary tree where the leaves point to a 
sorted chunk, and the root points to the final sorted 
output to parallel merge the chunks.

Figure 3. Compare and swap operations between 
registers.

Figure 4. In-core sorting phase (4-wide SIMD).

Figure 5. Algorithm used in lane sorting.
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4 EXPERIMENTAL RESULTS

In this section, we show the experimental results of 
our sorting algorithm on multi-core platform. We 
run our experiments on Intel multi-core platform 
with Sandy Bridge architecture. The processor runs 
at 2.6 GHz and has eight processor cores with two 
threads per core. Each core has a 32 KB L1 data 
cache and a 256 KB L2 data cache. The four cores 
use a shared 20 MB L3 cache with a cache line size 
of 64 bytes. We compare our algorithm with AA-
sort and bitonic merge sort and sort data of differ-
ent size to evaluate our algorithm. Compared with 
the traditional sorting algorithm, the novel algo-
rithm not only overwrites each SIMD lane while 
merging but also controls compare operations 
and data movements within acceptable limits. The 
experimental results validate the efficiency of the 
proposed algorithm in Figure 7.

5 CONCLUSIONS AND FUTURE WORK

In this paper, we proposed a high-efficiency sorting 
algorithm, which can exploit both the SIMD 

instructions and thread level parallel merge sort. 
Our implementation makes full use of modern 
processor architectures and introduces several 
new methods to improve the efficiency of sorting. 
These methods include vectorizing data for SIMD 
to increase the compute performance, splitting 
workload to multi-cores, using both of the merge 
networks when merging and parallel merging for 
large input data size. Thus, our algorithm makes 
it possible to sort in a more efficient way in mod-
ern multi-core processors. So far, we have focused 
our algorithm on sorting numbers; however, our 
algorithm remains to be extended to sorting (key, 
value) pairs in future work.
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ABSTRACT: In this paper, a kind of melting ice scheme, achieved through combining new Optical-fiber 
composite overhead Ground Wire (OPGW) and distributed fiber-optic temperature measurement technol-
ogy, is researched, to solve the problems of melting ice and monitoring temperature of ground wire. First, 
the paper introduced the basic system architecture of OPGW melting ice scheme, and then is focused on 
distribution characteristics of melting ice temperature of the new OPGW ground wire, which are related to 
the field characters of ice-melting temperature and the time characters of the melting ice. Through a com-
prehensive analysis of the melting ice scheme of OPGW ground wire, we proposed a well-designed scheme 
combined with distributed optical-fiber temperature measuring technology and embedded OPGW structure, 
which is good with effectively monitoring the melting ice process of ground wire and with in real-time adjust-
ing melting ice strategies, thus to shorten time of melting ice and to improve efficiency of melting ice.

Keywords: OPGW melting ICE; distribution optical-fiber temperature measurement; temperature of 
melting ice; efficiency of melting ice

OPGW cable for temperature measuring, an icing 
monitoring system, and a fiber optic measurement 
temperature system. The connecting relationship of 
the system is shown in Figure 1. According to the 
construct requirements of the demonstration line, 
fiber optic measurement temperature system and 
icing monitoring system are installed in the substa-
tion, when startup, an optical signal for measur-
ing icing situation is sent from substation to each 
icing monitoring measurement point of an trans-
mission line, and after modulated with icing situ-
ation, the signal is turned back to the grating host 
and through the host’s calculation, the ice thickness 
data are resolved out; and with the same mecha-
nism, the optical signal for measuring ice-melting 
condition from the substation is sent and then 

1 INTRODUCTION

The icing of transmission line is very common in 
some areas of Guizhou, Hunan, Jiangxi, Sichuan 
provinces, and so on. Due to the special geographi-
cal and climatic conditions, for each February–
April, transmission lines in the power system usually 
go through a period of ice-covering. During this 
period, the power companies in the region have to 
organize a lot of manpower and resources to closely 
monitor the status of transmission line icing. Once 
found there is icing line to reach a critical value, 
the de-icing work of ground line is needed to start 
immediately, to avoid the accidences with breaking 
line and lifting tower due to ice [1–2].

In this paper, combined with distributed opti-
cal fiber temperature measurement technique and 
a new Optical-fiber composite overhead Ground 
Wire (OPGW) [3–5], a melting ice scheme of 
ground wire is presented, which is to realize ground 
wire melting ice by using heating circuits embedded 
in optical fiber composite overhead ground wires, 
and can achieve a real-time temperature monitor 
of the whole overhead ground wires.

2 OPGW ICE-MELTING SCHEME

Ice-melting system combined with embedded 
OPGW includes a DC ice-melting device, an 

Figure 1. System architecture of OPGW melting ice 
scheme.
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carrying the temperature information of the cable 
returning to the demodulation hosts in substa-
tion, to obtain temperature data of the cable. After 
data analysis, the ice thickness of fiber optic cable, 
the fiber optic temperature state can be known, 
and then the melting ice source can be started or 
stopped, by melting ice control device, and melting 
ice current can be increased or reduced and so on.

The cross-section of the embedded OPGW used 
for melting ice is shown in Figure 2. In its design, 
common ground line is used as reference, while in 
the middle of the line lies an aluminum tube, in 
which heat wire and optical unit of stainless steel are 
embedded. Outside of the tube, many aluminum clad 
steel wire are roiled in left or right way. The mechani-
cal and electrical properties of this OPGW cable are 
consistent with the reference traditional ground one. 
The same as OPGW cable, the embedded OPGW 
cable, is carrying power system communication func-
tions, as well as fiber optic sensing measurements.

3 TEMPERATURE CHARACTERS 
OF EMBEDDED OPGW

3.1 Temperature field characters 
of embedded OPGW

Figure 3 is a temperature curve about the fiber optic 
cable of 70 meters, collected with the distributed 
optical fiber temperature measurement system. 
With the resolution of about 1 meter, the tempera-
ture data of the cable are about 70, corresponding 
to the sites of 60 to 130, shown in Figure 3. From 
these temperature data we can see: First, the high-
est temperature position occurs in the cable from 
60 to 95 of the cable position, with the temperature 
value about 48.5 °C. That is to say the temperature 
of melting ice was controlled within a reasonable 
range, which is below 110 °C, and is safe enough 
to ensure the safety of the cable performance and 
functionality. Second, within distance range of 
the cable noted 60–95, the average temperature is 

approximately 48.5 °, while within distance range 
of the cable from 95 to 130, the average tempera-
ture of the cable is about 43.5 degrees.

This phenomenon shows that the transmission 
line’s temperature distribution is very complex, due 
to the impact of micro-meteorological environ-
ment, the impact of wire’s fixed fittings, as well as a 
slight difference between the wire materials. All of 
them may lead to the local temperature different, 
and then the temperature of wire is not uniform. 
And this provides enough instruction that moni-
toring in real time is necessary for transmission line 
condition, and distributed temperature measure-
ment technology can truly achieve the actual oper-
ating conditions, and it is one of the better means 
of monitoring safe operation of the lines.

3.2 Temperature characters with time 
of embedded OPGW

Figure 4 data are collected from the ice melt-
ing process with the new OPGW cable in Hunan 
Xuefeng Mountain natural icing test site (station). 
Fiber optic temperature monitoring data change 
with time. As can be seen from the temperature 
curve, the process of melting ice is conditions at an 

Figure 2. The cross-section of embedded OPGW.

Figure 3. Distribution temperature curve of OPGW.

Figure 4. Temperature curve of OPGW in melting ice.
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ambient temperature of −5 °C, and the wind speed 
less than 8 m/s. Temperature of melting ice process 
of the OPGW ground conductor is at 5 °C ∼ 8 °C, 
at which continuous melting can be realized. The 
whole melting ice time is about 150 minutes. Sig-
nificant differences appear in the cross position of 
ice melting period and off-icing period about the 
temperatures of the OPGW ground: when melting 
ice completed, with other states remain unchanged, 
there is a significant rise in temperature of the 
OPGW ground, which is completely consistent 
with the before melting ice control scheme.

4 EFFICIENCY OF THE 
EMBEDDED OPGW

Icing test chamber and temperature monitoring 
system used for ice-melting trials are shown in 
Figure 7. Through melting ice test platform, we 
can analyze the relationship of ice-melting time 
and the currents used between the two type wires 
under typical operating conditions (temperature, 
humidity, wind speed, and ice thickness).

 In test, the selection of environmental condi-
tions is −5 °C, −10 °C (−8 °C), wind speed selects 
1 m/s. Since it was hard to control the ice thick-
ness, and was slightly different each time, they are 
normalized to easily use for comparison. In Table 1 
and Table 2, the normalized data of an embedded 
and an traditional OPGW cable were listed.

Through the test data listed in Table 1/2 we can 
see: at the same ambient temperature, wind speed, 

Figure 5. Embedded OPGW and traditional OPGW 
used in trials. (Note: Embedded OPGW cable: OPGW-
24B1-122 [117.0; 39.7], wire cross-sectional area: 
121.6 mm2, DC resistance: 1.708 Ω/km, outer diameter: 
14.6 mm, single weight: 837 kg/km. The wire structure is 
shown in Figure 5(a). Conditional OPGW cable: OPGW-
12B1 + 2 A1a-68 [83.8; 21.7], wire cross-sectional area: 
68 mm2, DC resistance: 1.264 Ω/km, outer diameter: 
11.4 mm, single weight: 485 kg/km. The wire structure is 
shown in Figure 5(b)).

Table 1. Test data of embedded OPGW.

Serial

Icing 
thickness 
(mm)

Environmental 
temperature 
(°C)

Environmental 
humidity 
(%RH)

Environmental 
wind speed 
(m/s)

Melting 
ice current 
(A)

Melting
ice time 
(Min)

Joule—heat generation 
of melting ice 
(J/km)

1 15  −5 85% 1 m/s 104 58 64 × 106
2 15  −5 85% 1 m/s 121 37 56 × 106
3 15 −10 85% 1 m/s 120 85 125 × 106
4 15 −10 85% 1 m/s 135 50 93.4 × 106

Table 2. Test data of traditional OPGW.

Serial

Icing
thickness 
(mm)

Environmental 
temperature 
(°C)

Environmental 
humidity 
(%RH)

Environmental 
wind speed 
(m/s)

Melting 
ice current 
(A)

Melting 
ice time 
(Min)

Joule—heat generation 
of melting ice 
(J/km)

1 15 −5 85% 1 m/s 200 102.2 310 × 106
2 15 −5 85% 1 m/s 220  83.6 307 × 106
3 15 −5 85% 1 m/s 254  74.3 363 × 106
4 15 −8 85% 1 m/s 232 118.6 484 × 106
5 15 −8 85% 1 m/s 251 113.5 542 × 106
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ice thickness and other working conditions, Joule 
heat of melting ice of Embedded OPGW cable are 
different from those of a traditional OPGW cable. 
For example, at ambient temperature −5 °C, with 
the same of other conditions, the current used by 
embedded OPGW cable is small (approximately 
100 A level), and the Joule heat being needed is 
about 50 ∼ 70 kJ/m values. But for a traditional 
OPGW cable, the current used is large (approxi-
mately 200 A level), the Joule heat required about 
300 ∼ 370 kJ/m. This shows that an embedded 
OPGW cable OPGW cable has a better ice-melting 
efficiency than ordinary.

5 CONCLUSION

This paper describes a new OPGW cable for melt-
ing ice and a fiber optic sensing system for icing 
monitoring, as well as its scheme for melting ice. 
And through a large number of experiments in a 
natural icing testing site, the paper studied a con-
trol strategy to guide the process of melting ice by 
using the changing temperature information. In 
this melting ice scheme, not only the optic-fiber 
sensor technology is being used, to improve the 
process of melting ice monitoring capabilities by 
viewing the cable temperature in real time, but also 
the temperature monitoring function and wire 
melting ice function are combined, so melting ice 

time can be shortened by adjusting the tempera-
ture of melting ice.
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ABSTRACT: At present, most of the authentication system is a single authentication mode; the 
traditional password authentication mode has the hidden trouble of information security. In order to 
improve the security, this paper designed a login system of double authentication mechanisms based on 
fingerprint and password. This system, which used Visual C++ as development software, successfully 
constructed a login and register interface with fingerprint and password, and with modifications and delete 
functions. On the basis of existent username and correct password, this system compared fingerprints in 
the form of 1:1. If  fingerprint was matched successfully, user could enter the system finally. The simulation 
results verified the feasibility of this login system.

Keywords: system login; fingerprint identification; fingerprint preprocessing

etc., fingerprint matching function is usually com-
pleted in the fingerprint acquisition module. If  the 
fingerprints are downloaded to module, the secu-
rity of the system will be reduced, while storage 
and computing speed of the module also cannot 
meet the needs of big data of large enterprises.

The system uses the fingerprint acquisition mod-
ule TFS-M71(Ten fingers Science and technology 
2014) to collect the fingerprint image and obtain 
a characteristic value, upload fingerprints to the 
PC platform where fingerprints can be processed, 
and user information is stored. The fingerprint 
module adopts a split structure, contains finger-
print processing board and fingerprint sensor. The 
STM32F205RC high-speed digital processor is the 
core of the handling board. Fingerprint sensor 
used high precision optical fingerprint acquisition 
device TFS-D400, it is sensitive for fingerprint and 
fast speed of recognition, the false rate is less than 
0.001%, FRR <0.1%, and fingerprint input time 
t < 0.1 seconds. The hardware design of double 
authentication login system is shown in Figure 1.

Fingerprint module is responsible for collect-
ing fingerprint images and uploading them to the 
PC for storage. Fingerprint processing and com-
parison modules of the user interface are respon-
sible for fingerprint image preprocessing, feature 
extraction, and matching. The operation of the 

1 INTRODUCTION

The traditional authentication mode mainly uses 
authentication method of username and password. 
There are so many weaknesses in this approach, for 
instance, being forgotten or cracked. Authentication 
biometric features, such as face, fingerprint, iris, etc., 
with its unique features, are widely used (Xiangkui 
Fan 2010). At present, most of the authentication 
systems are a single authentication method, In 
order to improve the security, this paper presents 
a dual feature authentication scheme based on fin-
gerprint and password. Based on the user name, 
password authentication mode, the fingerprint 
identification method applied to the authentication 
process, is used to further protect the security of the 
login link. Fingerprint identification, as an authen-
tication technology, uses the unique fingerprint 
feature of each person to verify user’s identity and 
makes up for the deficiencies of the simple, single 
user account and password. greatly improving the 
security level of identity authentication.

2 OVERALL SYSTEM STRUCTURE

In general fingerprint systems, such as fingerprint 
attendance machine, fingerprint access control, 
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user interface realizes the storage of user name, 
password and fingerprint features, as well as, when 
implementing function of login or deleting, the 
interface will retrieve information of the database.

3 FINGERPRINT ACQUISITION

This system acquired fingerprint images by mod-
ule TFS-M71, and transferred them to PC through 
the USB-TTL interface wire. When the PC has sent 
capturing command via serial port to the module, 
TFS-M71 module collects user fingerprint three 
times, analyzes the common features of three fin-
gerprint images, carries on the logical operation to 
three fingerprint information, extracts the com-
mon features as the characteristics of the final 
fingerprint information, and then uploads it to 
pc for storage. Host sends a command of captur-
ing image for the first time to fingerprint module. 
Complete the second and third collection model 
after the first time in turn.

4 FINGERPRINT PROCESSING

In order to compare two fingerprints simply and 
accurately, the processing of images is a very 
important component. Fingerprint image process-
ing mainly includes three parts, namely preprocess-
ing, feature extraction, and feature comparison.

4.1 Preprocessing

Because of environmental factors having impact 
on the image acquisition, fingerprint image is usu-
ally with much noise. In order to accurately extract 
fingerprint features, first of all, the collected gray-
scale fingerprint image should be preprocessed 
(Hailing Liu 2013, Rajan Amin, Max Bramer & 
Richard Emslie 2003). The preprocessing flowchart 
is shown in Figure 2. Fingerprint image segmenta-
tion is separation of the background from the fin-
gerprint object, and deletes the background image. 
In order to remove the image noise, there is a need 

to reference surrounding pixels, using the related 
pixel average template of the object fingerprint to 
smooth it. And, through binarization, fingerprint 
images are turned into black-and-white images. In 
the fingerprint image, the fingerprint characteristic 
value exists in the form of feature point; therefore, 
it is necessary to further refinement processing of 
the fingerprint image.

According to the flowchart, the preprocessing 
results of segmentation, smoothing, binarization, 
and thinning are successively shown in Figure 3.

4.2 Feature extraction

Fingerprint includes general and detail features, 
namely center, triangulation point, endpoint, fork 
point, etc. The core points are located in the gradual 
center of fingerprint texture. It is often used for ref-
erence when the fingerprint is read and compared 
to the fingerprint (Amjad Rehman & Tanzila Saba 
2014). The core points and triangle points are singu-
lar points. Extracting the singular points of the fin-
gerprint according to the principle of the directional 
field, if  a point around the direction field change is 
fiercer, the greater the possibility of singular point. 
The grid computing method is used to extract sin-
gular points. In detail, one point is the center, along 
which two closed curves are formed from the coun-
terclockwise direction in 5 × 5 and 3 × 3 squares, 
respectively. If the difference of direction field of 
two curves is equal, then this point is a singular 
point. Considering the effect of noise, the pseudo 
fingerprint feature points are removed. Assemble 
the endpoint and fork points into the feature point 
topology, obtaining the fingerprints details.

Figure 1. Hardware design diagram of login system. Figure 2. The flow chart of preprocessing.

Figure 3. Fingerprint image of preprocessing.
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4.3 Feature matching

In fingerprint matching, we first need to carry on 
the registration of fingerprint image; after regis-
tration, fingerprint image matching is completed 
with the comparison of feature points (Peizhuo 
Liu 2011). The adopt special point method is the 
flexible registration method, i.e. to determine the 
polar axis of the fingerprint image, and the relative 
rotation and translation by the feature points, to 
complete the alignment of two fingerprint image.

Fingerprint matching is to compare all feature 
points of fingerprint template stored in the data-
base with those of the input image. Before the 
fingerprint feature comparison, there is a need to 
classify the extracted feature points. Similar fea-
ture points constitute the corresponding branch 
topology. Then, the branch topology is compared. 
If  the angle error and the distance error of tem-
plate and input feature points are within the upper 
limit, the two feature points are matched (H. Li & 
X. Fu 2011). The score of matching feature points 
is accumulated. If  that score is within the accept-
able threshold, the fingerprint images match 
successfully.

5 DATABASE DEVELOPMENT

This system selects ADO technology to realize the 
interaction with the database ACCESS. ADO is a 
set of dynamic link libraries that must be imported 
and initialized before using. By creating connec-
tion object instance and calling Open function, the 
user interface could ultimately realize the connec-
tion with database (Jie Tian, Yuliang He & Hong 
Chen 2005). Through using the Execute function 
to perform the INSERT and SELETE sentence, 
the interface completed the operation of storage 
and query of user data.

The paper designs a type list of users named 
userstyle and a information sheet of Users named 
userinfo in the database. The userstyle is used to 
store the type of users, including administrators 
and general users. The userinfo is used to store the 
basic information of users, such as the username, 
the password, and the fingerprint information.

In the application, by the cooperation of ADO 
and SQL statements, it is able to complete a series 
of operations of Access database, such as the reali-
zation of database query and data aggregation, 
and so on.

6 SIMULATION

Double authenticated login interface based on 
Visual C++ is shown in Figure 4. The operation 

interface is with registration, login, modify, and 
delete function; only the administrator has permis-
sion to delete the fingerprint information. The spe-
cific process of user login is as follows.

Capture button is responsible for the initializa-
tion of the fingerprint module and uploading fin-
gerprint image.

Get feature button is responsible for extract-
ing fingerprint features, and transforming features 
into a string with size of 196 bytes according to 
certain rules.

Clicking Login button, we can access user infor-
mation from the database, which is corresponding 
with input username in the interface. If  the pass-
word is matched unsuccessfully, a message box will 
directly pop-up with words ‘wrong username or 
password, login failed’. On the contrary, if  success-
ful, the fingerprints will be compared in the form 
of 1:1.

Fingerprint matching similarity threshold is to 
determine the indicator whether the two finger-
prints match, with increasing fingerprint threshold, 
fingerprint recognition error probability becomes 
large, FRR becomes large, the wrong fingerprint 
identification and the correct fingerprints prob-
ability become smaller, and recognized false rate 
becomes smaller. Through the threshold adjust-
ment can make the FRR and false accept rate to 
achieve the best. According to the experiment 
experience, the similarity threshold of two finger-
prints is set at 50. If  the sum of matching features’ 
score is less than that value, the two fingerprints 
are not matched. If  fingerprints are matched, the 
static text box will prompt that user has success-
fully logged in. At the same time, edit box will 
show the corresponding user type.

When modifying the user information in the 
user information interface, the message processing 
function of the modify button will update the con-
tent of the corresponding fields according to the 
input in the edit box.

Figure 4. Design of login interface.
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When deleting the user information in the user 
information interface, the message processing 
function of the delete button will delete the cor-
responding record.

Multi-group testing experiments showed that: 
the fingerprint module run stably, and could 
quickly complete the acquisition and uploading of 
fingerprint. The login interface interacted well with 
user database and could accurately realize identity 
authentication based on password and fingerprint.

7 CONCLUSION

This paper designed a login system of double 
authentication mechanisms based on fingerprint 
and password. It is validated by computer simula-
tion that this login system can realize the identity 
authentication efficiently and accurately. The fin-
gerprint recognition system can complete the user 
interface and access database by ADO technology, 
through the operation of user interface to achieve 
a username, password, fingerprint, and store those 
data then access them to register, login, modify 
and delete, query the database information. Based 
on the user name and password login authentica-
tion, combining with the fingerprint identification 
authentication, the login user identity has second-
ary certifications. At the same time, with its complex 
texture, feature values information, it makes up for 
the deficiencies of the simple, single user account 
and password authentication, and improves the 
security of the identity authentication. In addition, 

through the design and debugging, this system 
could be used into practical application ultimately.
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ABSTRACT: Adaptive indexing optimizes the index by reducing the costs of index creation. Unlike 
traditional full index creation which is performed before any query execution, adaptive index creation is 
performed as a product of query execution. Recently, adaptive indexing has received much attention, and 
many variations have been proposed, including database cracking, adaptive merging indexing, and hybrid 
adaptive indexing. In this paper, we implement adaptive merging indexing for Multi-core CPUs with 
exploiting thread-level parallelism and data-level parallelism. We first introduce the parallelizing sorting 
algorithms used in our implementation, including merge sorting and radix sorting. Then, we propose our 
adaptive merging indexing algorithm. Through experiments on 8-core platform, we finally show that our 
proposed algorithm has good query performance in memory storage on multi-core CPUs.

Keywords: database index; adaptive merging indexing; multi-core CPUs

researches on adaptive indexing, including data-
base cracking (Idreos et al. 2007), adaptive merg-
ing indexing (Graefe et al. 2010) as well as hybrid 
adaptive indexing (Idreos et al. 2011). However, 
the work (Graefe et al. 2012, Graefe et al. 2014) 
with respect to database cracking is the only work 
that is performed on multi-core CPUs.

In this paper, we implement adaptive merg-
ing indexing for Multi-core CPUs with exploiting 
thread-level parallelism and data-level parallelism. 
We also focus on parallelizing sorting algorithms 
and avoiding the conflicts with concurrent threads. 
Experiments on read-only queries prove good 
performance on our efficient adaptive merging 
indexing.

2 BACKGROUND AND RELATED WORK

The principle of adaptive indexing is to create and 
refine index continuously during query execution. 
Below, we introduce two main adaptive indexing 
algorithms.

2.1 Database cracking

Database cracking pioneered the adaptive index-
ing, and is the most popular one due to its robust-
ness and simplicity. Database cracking splits the 
input array into refined partitions as the indexes, 
and the partition step is similar to the quicksort 
algorithm where each query brings pivots. Figure 1 
shows an example of database cracking. The input 
data are first copied to index array without sorting. 

1 INTRODUCTION

In a relational database with hundreds of tables 
and columns, retrieving data can benefit from the 
use of index when many queries are performed. 
Thus, indexing is a crucial factor in database 
system. Too many indexes cause high creation 
costs and update costs; too few indexes make que-
ries scan more tuples, increasing retrieval costs. 
The main weakness of traditional indexing is that 
it covers all rows of a table, even though some rows 
are rarely or never used. It takes unnecessary time 
and space to create index on these rows. In order 
to overcome this weakness, several researchers pro-
posed adaptive indexing techniques (Idreos et al. 
2007, Graefe et al. 2010, Idreos et al. 2011), which 
have received a considerable amount of attention. 
Adaptive indexing techniques create index dynami-
cally as a product of query execution. The adaptive 
indexing techniques ensure that index is created 
and optimized for these tables, columns, and key 
ranges with actual query execution. The more fre-
quently a key range is queried, the better index is 
created for it. The key range that is not queried is 
not indexed.

Meanwhile, since multi-core CPUs have expe-
rienced tremendous development, modern CPUs 
often have four or more cores, and each core has 
two or more threads. Recently, IBM introduced 
its new generation processor-power 8, which has 
12 cores with 8 hardware threads per core for a 
total of 96 threads of parallel execution. It has 
been proved that multi-core CPUs have a bright 
prospect in the current DBMSs. There are many 
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When a query on the key range (10, 30) arrives, the 
index array is split into three partitions: (1) keys less 
than 10; (2) keys between 10 and 30; and (3) keys 
greater than 30. Then a query (25, 40) is performed, 
thus, more partitions are created. In this example, 
partitions less than 10, (10, 25), (25, 30), (30, 40) 
and greater than 40 are created in this step. As the 
number of queries increases, partitions become 
smaller and indexes become better optimized.

2.2 Adaptive merging

Adaptive merging also optimizes indexes during 
query execution. Adaptive merging indexing, which 
is similar to the merge sorting, first produces equally 
sized sorted runs. When a query is given, tuples in 
the key range of query from each run will be merged 
into a final sorted partition, and other tuples not in 
that range will be left in their initial runs. Figure 2 
shows an example of adaptive merging. When a 
query on the key range (10, 30) arrives, tuples in 
that range (10, 30) from initial runs are merged into 
a sorted partition. Then, a query (25, 40) is per-
formed, we just need to pick out tuples in the range 
(30, 40) and merge them into the final partition. As 
with database cracking, the more queries are given, 
the greater fully indexes are optimized.

3 ADAPTIVE MERGING INDEXING 
FOR MULTI-CORE CPUS

Adaptive merging indexing proposed by us aims to 
create and refine indexes efficiently with exploiting 

thread-level parallelism and data-level parallelism. 
Adaptive merging indexing has two main parts: 
index creation and index optimization. In the index 
creation, we aim to produce equally sized sorted 
runs, benefit from multiple cores and SIMD. In 
the index optimization, we aim to optimize indexes 
in parallel, including probing tuples in initial runs 
and integrating tuples into the final partition in 
parallel.

3.1 Index creation

We first evenly divide the input data into blocks of 
size M. Then, each thread works on a block to pro-
duce a sorted run, which consists of two phases. 
Here, we adopt the sort strategy similar to the 
work (Chhugani et al. 2008).

Phase 1: In this phase, we use the sorting net-
work to produce many sorted sequences. The 
length of the sequence depended on the width of 
SIMD register. Figure 3 shows the sorting net-
work for four items. We can see that a four-item 
sorting needs 10 min/max operations and three 
level comparisons. The beauty of SIMD is that 
we can handle more sorting operations in paral-
lel, and produce more sorted sequences one time. 
Figure 4 shows that we exploit data-level paral-
lelism to produce four sorted sequences one time, 
each of which contains four items. Moreover, 
transposition operation performed by SIMD shuf-
fle instruction is needed to move items to the cor-
rect positions for the next comparison.

Phase 2: After producing many short sorted 
sequences, we merge them into a sorted run. Merg-
ing operation also benefits from SIMD speedup. 
Figure 5 illustrates the method for merging two 
sequences of four items. Bitonic merge combines 
two pre-sorted sequences, A and B, but one is in 

Figure 1. Database cracking.

Figure 2. Adaptive merging.

Figure 3. Sorting network.
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ascending order, and the other is in descending 
order. After three level comparisons, a sequence of 
eight items is created. Through multiple iterations 
described above, a sorted run is generated. Thus, 
when threads create a sort run on each block, the 
index creation is accomplished.

3.2 Index optimization

Let q = (Ql, Qh) be a query with Ql < Qh, n be the 
number of sorted runs, and k be the number of 
threads. The main idea of adaptive merging index-
ing optimization is very simple. When a query q is 
given, we will face three situations. (1) If  both Ql 
and Qh are in the range of final partition which is 
created by previous queries, we only need to probe 
the required tuples in the final partition. This proc-
ess is similar to the binary search. One thread is per-
formed for the low threshold Ql, and another thread 
is performed for the high threshold Qh. We do not 
need to perform insert operation to the final parti-
tion in this situation. (2) If  neither Ql nor Qh locates 
in the range of final partition, we will perform the 
probe operation, and then the insert operation. In 
the probe operation, the thread i works on sorted 
runs Ri+0*k, Ri+1*k, Ri+2*k, etc., to probe the tuples in 
the range (Ql, Qh), and to insert them into the final 
sorted partition. The probe phase can be performed 
with threads concurrently, because threads work 
on different sorted runs. In the insert operation, 
we adopt the Most Significant Digit radix sort. We 
first create 2b buckets, where b is the number of bits 
of the sort digits. Then the thread inserts tuples 

probed in its assigned runs into the final partition in 
parallel, which may incur thread conflicts. To avoid 
the conflict with concurrent threads, we can adopt 
several methods such as lock method, independent 
output method, move-count method, and parallel 
buffer method, which have been proposed in our 
previous work (Yuan et al. 2014). Which method to 
choose mainly depends on the number of buckets, 
the number of threads, and the input data. Finally, 
we sort the tuples in each bucket concurrently, as 
with the sorted run generation. (3) If  either Ql or 
Qh is in the range of final partition, we will perform 
the operation as described in the situation 1 for the 
required tuples in the final partitions, while we will 
perform the operation as described in the situation 
2 for the required tuples out of the final partitions,

In this way, adaptive merging index is created 
and optimized on multi-core CPU during the 
query execution.

4 EVALUATION

In this section, we show the experimental results 
of our adaptive merging indexing on multi-core 
platform. We run our experiments on Intel multi-
core platform with Sandy Bridge architecture. The 
processor runs at 2.6 GHz and has eight processor 
cores that support SMT with two threads per core. 
Each core has a 32 KB L1 data cache and a 256 KB 
L2 data cache. The four cores use a shared 20 MB 
L3 cache with a cache line size of 64 bytes. We use 
a main-memory column-oriented dataset, repre-
sented as an array of fixed size pair <id, value>.

Our dataset has 100 million tuples, and each 
tuple comprises 4-byte id and 4-byte value. The 
value is generated at the interval [0,232) random. We 
perform 10000 queries on our dataset, and each one 
follows this type: SELECT SUM (A) from column 
C WHERE Ql < A < Qh. Each query will filter the 
data on the column C, and perform a sum opera-
tion over the result. We choose a random value on 
the low boundary Ql, and the selectivity of query 
is 1%. We assume that each query is independent 
from other queries, and each query does not ben-
efit from previous query result. We perform ten 
times measurements, and show the average result in 
the figure. Figure 6 shows the accumulated query 
response time over 10000 random queries, not the 
time to answer a query.

Moving from left to right of Figure 6, we can 
see that the query time increases significantly when 
the query sequence is fewer than 10000, especially 
when it is fewer than 100. This is due to the rea-
son that the index is being created and refined 
during the first hundred queries. After 1000 que-
ries, the majority of index has been created and 
refined, so the time of every query remains stable. 

Figure 4. SIMD-register sorting with width 4.

Figure 5. Bitonic merge network.
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Overall, the experiment results confirm that our 
efficient adaptive merging indexing has good per-
formance on the multi-core CPUs. From Table 1, 
we can see the speedup achievement with different 
numbers of threads. When the number of threads 
increase to 4, our algorithm achieves a speedup 
only to 2.224X, while it ideally should achieve 4X. 
The main reasons are as follows: (1) cache miss 
on the L3 data cache. If  the size of L3 cache is 
larger, the performance will be better. (2) memory 
bandwidth. The more threads work, the more con-
tentions for memory bandwidth between threads.

5 SUMMARY

In this paper, we implement adaptive merging 
indexing for Multi-core CPUs. In the index crea-
tion, we use the SIMD and multiples threads to 
accelerate runs generation. In the index optimi-
zation, we utilize parallel radix sort and some 

methods for avoiding the conflict with concurrent 
threads to refine the index during the query execu-
tion. The experimental results show that efficient 
adaptive merging indexing achieves good perform-
ance on the multi-core platform. In the future, we 
will implement other adaptive indexing on multi-
core platform, and compare them to find out the 
suitable method for different datasets.
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Figure 6. Accumulated query time of our indexing 
algorithm.

Table 1. Speedup achievement with dif-
ferent numbers of threads.

Threads Total time Speedup

1 25.29 1X
4 11.37 2.224X
8  7.43 3.403X
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ABSTRACT: To reduce the energy consumption and sampling rate requirement in data transfer between 
sensor nodes, a two-dimensional measurements based Compressed Sensing (CS) method is proposed for 
Impulse Radio Ultra-Wideband Wireless Sensor Network (IR-UWB WSN) in this paper. Taking both 
spatial and temporal correlations into consideration, the CS measurement model is developed based on 
block quasi-Toeplitz structured matrix and the IR-UWB WSN data is measured in both spatial and time 
dimensions. Simulation result demonstrates that IR-UWB WSN data recovery by the proposed approach 
achieves significantly saving of transport cost and sampling rate with small reconstruction error.

Keywords: compressed sensing; wireless sensor networks; IR-UWB; measurement; sparsity

recover the sub-sampled IR-UWB signals, leading 
a reduction of the ADC resources [7, 8]. However, 
most of the traditional CS focus on single dimen-
sion measurement, while in IR-UWB WSN, effi-
cient data transfer needs to adopt the CS approach 
in both spatial and time dimensions.

In this paper, we propose a CS approach based 
on two-dimensional measurements for efficient data 
transfer in IR-UWB WSN. Considering the spatial 
and temporal correlations, the IR-UWB WSN data 
is measured by a new block quasi-Toeplitz matrix 
in both spatial and time dimensions. Then the 
measurements, which far less than initial data, are 
transferred and the initial data of all sensors are 
reconstructed from the measurement at a distant 
user by CS reconstruction  algorithm. Compared 
to other CS method for network data, our method 
not only achieves further savings in transport cost 
with small reconstruction error, but also reduce the 
dependence on the high speed ADC components.

2 TWO-DIMENSIONAL MEASUREMENT

We consider a randomly distributed grid of sen-
sors that sensing some physical data (e.g. tempera-
ture, pressure) and wirelessly transmit them to a 
central base station. Sensors with wireless trans-
mitter communicate sensor readings simultane-
ously to Sink. We assume that the sensor nodes 
and Sink are both implemented in a UWB channel 

1 INTRODUCTION

Impulse Radio Ultra-Wideband (IR-UWB) has 
been regarded as an attractive communication solu-
tion to provide high bandwidth for Wireless Sen-
sor Networks (WSN) to transfer large amount of 
data collected by sensor nodes, and this makes IR-
UWB based WSN (IR-UWB WSN) a hot topic in 
WSN research [1]. Nevertheless, not only does the 
data transfer in IR-UWB WSN suffer the problem 
of energy limitation like all WSN, but it also faces 
the new challenge introduced by the short duration 
pulses in IR-UWB communication: extremely high 
speed Analog-to-Digital Converter (ADC) compo-
nents are needed, which is difficult to meet under 
the current level of the hardware chips.

Compressed Sensing (CS) [2–4] has received a 
great deal of attention in recent years, because it 
deals with sparse signal reconstruction problems 
with far fewer samples than required by the Nyquist 
rate. Previous research showed that CS provided 
ideal solutions for the two challenges respectively 
in different fields of research: considering the spa-
tial correlation of nodes in WSN, CS approach can 
be used to measure data acquired by individual 
sensors. Only the measurements are reported to the 
Sink node and the initial data are reconstructed by 
CS algorithm, leading a reduction of energy con-
sumed in data transmission [5, 6]; when the tem-
poral correlated (sparsity) in IR-UWB systems is 
considered, CS approach can also be adopted to 
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environment and their position is fixed through 
the sampling and reconstruction process. The Sink 
collects network data from sensors and transmits 
them to user which far away from sensor field via 
Internet or Satellite.

We denote the data sensed at K-th node by 
xk ∈RN  (k { K ). xk ( )n  is used to 
denote sample n (n { }N ) in xk , and assume 
that there exists a known sparse basis Ψ for RN in 
which the xk  can be sparsely represented.

Consider the n-th ( ∀ ∈{ }n ∈{ ) snap-
shot of the network data. Each of the sensors 
 simultaneously records a single reading xk ( )n  
and modulates the reading as x r jk krr( )nn ( )j , where 
Gauss pseudorandom sequence r jkrr ( )j  is generated 
by K-th node, j J1 2  ( )J K . Then the 
J numbers are transmitted in an analog and syn-
chronized fashion to the collection point, obtain-
ing J measurements

y j x r jk krrk
K( )j ( )nn ( )j=

=∑ 1
 (1)

The collection point automatically aggregates 
the measurement vector of n-th snapshot data

T T[ ]y y Jn ny n( ), (ny ), ..., ( )J2), (yny = [ ]x n xk( )n , (x ), ..., ( )n1 2( )n ,xΦ

 (2)

After J transmission steps, where the measurement 
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We will emphasize random independently and 
identically distributed (i.i.d.) Gaussian matri-
ces Φ in this paper, but other schemes are possi-
ble, including random ±1 Bernoulli/Rademacher 
matrices, and so on.

We reorder the N measurement vectors for all 
of the snap shots as �y j = [ ]T , 
which can be regarded as data collected by J nodes, 
and each of the nodes sense a length N signal 
 vector. Transmitting this length N signal vector in 
UWB channel environment lead the receive meas-
urement vector
z H yj jH y⋅HH � .  (3)

where the transfer matrix is H a “partial” Toeplitz 
matrix with elements draw from the UWB chan-
nel impulse response {hi}. We assume that a 
low-rate ADC is used at the Sink node to collect 
small number of elements of y. Note that the low 

 sampling rate at the receiver leads to the changing 
of the transfer model: new measurements y  are 
formed by extracting parts of the entries from y 
and the transfer model (3) becomes

z j j j j
T

j↓ ( )j ′(j[ ( ), ( ) ( )] .H y jH y↓ (Hy ′ ⋅1) ( �) ′H′

 (4)

where D ↓  denotes a sub-sampling factor of  q. 
The new transfer matrix ′H  of  quasi-Toeplitz 
types formed by extracting one row in every q rows 
from H.

Note that

z H xj ,H i, i
i

N

( ) ′ ⋅ ⋅ ( )k
=
∑ ΦΦΦΦ

1  
(5)

where zj ( )1 = ( ) ( )[ (( ) ( ) )]( J
T

1 2( )( )( ) ()) 1 , j = 1, 2, …, 
J, m M1 2, , ..., , then the measurement vector 
after two-dimensional compressed sensing can be 
written as

z Ax  (6)

where
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( )J M×((J ( )×(( )( )((

is the block quasi-Toeplitz measurement matrix, 
the block

A Hi,j JH K′ ⋅ ×j ΦΦJΦΦJJJJ  
(7)

where the ΦΦΦΦJ KΦΦΦ  is an i.i.d. Gaussian matrix.
Then the reconstruction of IR-UWB WSN 

data becomes a standard CS problem in which the 
vector x ∈RN  should be recovered from its two-
dimensional measurements z.

3 RECONSTRUCTION OF NETWORK 
DATA

Based on the analysis in Section II, the reconstruc-
tion of IR-UWB WSN data becomes a standard 
CS problem in which the vector x ∈RN  should be 
recovered from its two-dimensional measurements z 
of the form in (7). According the conclude in [9], the 
decoder given by

1ˆ arg min subject to= =x x z Ax  (8)

ensures exact recovery of x from z.
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Linear programming techniques like Basis Pur-
suit (BP) [10] or greedy algorithms [11] can be used 
to solve this problem. According to result in [12], 
the restrictions for the sparsity for a given number 
on measurements can be described as

m CJMCC KN/ log  (9)

where C is a positive constant. Therefore the mini-
mum necessary number of measurements needed 
for reconstruction can be limited to

JM Cm KN≥ log  (10)

4 SIMULATION RESULTS AND ANALYSIS

In this part, we evaluate the performance of the 
two-dimensional measurements based CS method 
for network data in terms reconstruction quality. We 
apply the proposed method to reconstruct the real-
world network data gathered by the WSN located 
in the Intel Berkeley Research lab [13]. Each sen-
sor detected the environmental humidity, tempera-
ture and light every 31 seconds for more than one 
month. We use first 64 data of randomly selected 
16 sensors in this WSN for evaluating the proposed 
method. We use wavelet transform to sparsify both 
every individual node’s data and every snapshot of 
all nodes’ data. The coefficients are then measured 
by block quasi-Toeplitz measurement matrix and 
reconstructed using L1-magic [14]. Finally, the 
initial data in time domain is obtained by inverse 
transforming of the reconstructed coefficients. 
We plot the reconstruction result when experi-
ment is done with the measurement is 10% of the 
data actual size in Figure 1. The reconstruction of 
transform coefficients and time domain signal are 
both match the original data very well.

To provide a clearer view of how the recon-
struction errors are characterized by the number 
of measurements, we let the number of measure-
ments J M  vary from 0 to 512 and the empirical 
probability of success for each value of J M  is 
determined by repeating this process 100 times and 
calculating the fraction of successes. The recon-
struction is declared a success if  the data is recov-
ered with the Mean Square Error (MSE) smaller 
than 0.0002. We plot the empirical probability 
of success versus the number of measurement in 
 Figure 2. In order to compare the performance of 
our method to previous CS method for WSN data, 
we also plot the reconstruction result based on spa-
tial dimensions measurement and time dimension 
measurement.

Simulation results show that the IR-UWB 
WSN data can be recovered with the MSE less 
than 0.0002 when the measurement is 20% of 

Figure 1. Reconstructed environmental temperature 
signal.

Figure 2. Reconstruction performance for different 
measurements.

the data actual size. Our method can increase 
signal reconstruction accuracy with the same 
number of  measurement, or recover the state of 
the environment with the same quality using less 
measurement.
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5 SUMMARY

To achieve energy efficient data transfer in IR-
UWB WSN, we have developed a two-dimensional 
measurement based CS technique for network data 
communication and reconstruction. Exploiting 
both spatial and temporal correlation of network 
data, our method can significantly improve the 
efficiency of network data measurement over the 
traditional scheme, leading a significant savings in 
energy consumption in WSN. In simulation, we 
numerically compare the performance of block 
quasi-Toeplitz matrices to that of other CS matri-
ces. Results show that our method can achieve 
significant savings in transport cost and ADC 
recourses in IR-UWB WSN data transfer.
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The intermediate classification of hyperplane detection 
method for clustering SVM

Shangfu Gong, Chang Liang & Xiaoru Bi
School of Computer Science and Technology, Xi’an University of Science and Technology, Xi’an, China

ABSTRACT: Network intrusion detection is an important technology to ensure the security of  network. 
The effective method is utilizing Support Vector Machine (SVM) to realize processing and discrimination 
of detection data. However, a large amount of data could lead to some defects of SVM method, such 
as long training time and slow detection speed. This paper proposed a kind of SVM intrusion detection 
method that is based on intermediate classification hyperplane. First, define boundary face proximity 
factor for cluster center by the analysis of normal and intrusion detection sample cluster. Then, improve 
the standard SVM quadratic expression and use cluster center to train for obtaining a closed optimal 
intermediate classification hyperplane. Lastly, determine the distance threshold for selecting potential 
support vectors, in order to greatly reduce training samples. The proposed method is experimented on the 
KDDCUP1999 data-set, compared with the clustering support vector machine method, the experimental 
results proved that this method can reduce the number of training samples, and effectively improve train-
ing and detection speed of SVM.

Keywords: intrusion detection; intermediate classification hyperplane; sample reduction; potential 
 support vectors

2 SVM INTRUSION DETECTION 
ALGORITHM BASED ON MIDDLE 
CLASSIFIED HYPERPLANE

2.1 Defining approaching degree of boundary 
surface of every clustering centers

Definition 1 If  CN+N  and CN−  represent, respectively, 
the number of cluster centers of normal and attack 
samples. D d j CNij CNCN CN ≤

+ −N CN× +CNCNCN −{ }dijd }ddijdd ( i CNNCC )1i CNC≤ CNCi C≤ CNCC  
is defined as distance matrix of cluster centers. 
dij serves as Euclidean distance between No i nor-
mal and No j attack cluster centers.

Definition 2 If  result of ordering dis-
tance matrix D by column is stored in matrix 

jj}q{ }jq j ( )j CNCC≤ − , G g jj
+ +}g j

+g j
+g ( )j CNCC −≤ is 

defined as label matrix of normal class cluster 
 centers. No j component of g j

+ column vector 
is the line number in D of  No i component of 
qj column vector. Similarly, if  result of order-
ing distance matrix D by row is stored in matrix 
P pi +}p{ }ipi ( )i CNCC≤ +N , G gi +{ }gi

−gi
− ( )i CNCC +N≤  is 

defined as label matrix of cluster centers of attack 
class. No j component of g j

− row vector is the col-
umn number in D of No i component of pi row 
vector.

1 INTRODUCTION

According to the problem that SVM [1] shows low 
training and detecting speed and poor real-time in 
large network data intrusion detection, Zeng [2] 
adopted the unsupervised clustering algorithm 
to simplify training samples of  SVM intrusion 
detection. Zhou H applied the k-nearest neighbor 
method and k-means algorithm to reduce train-
ing samples. The above cluster SVM (CLU-SVM) 
intrusion detection methods complete SVM 
 training with cluster centers rather than the whole 
training samples. Although improving the train-
ing and detecting speed of  SVM, due to abandon 
a considerable number of  effective support vec-
tors, it obviously reduces the SVM classification 
accuracy.

A method based on middle classification 
hyperplane for SVM intrusion detection is pro-
posed in the paper. Based on clustering normal 
and attack samples, the method constructs a Mid-
dle Classified Hyperplane to reduce the train-
ing samples. Experimental results show that the 
method is effective to reduce the training samples 
and improve the performance of  SVM intrusion 
detection.
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Definition 3 After clustering center subscript 
matrix obtained, degree of approaching boundary 
surface of No i normal cluster center is defined as

B CNiB+
+ + +N( )CN LCC ineNoNN+N LineNoNNCNC / ,CCN iC +CNCC =) , ,2,  (1)

In formula (1), LineNo is row number of No i 
normal cluster center when G+ is scanned by row; 
similarly, degree of approaching boundary surface 
of No j attack cluster center is defined as

B N j CNjB −=( )CN CCC olumnNCC oNN−CNC / ,CNCC)) , , ,1 2, …  (2)

In formula (2), ColumnNo is column number of 
No i attack cluster center when G− is scanned by 
column.

2.2 Structure of middle classified hyperplane

After clustering the normal and attack samples by 
cluster analysis algorithm [4], the corresponding 
cluster centers are accessed. And use them to train 
the standard SVM, then transitional classified 
hyperplane is got [5,6]. This hyperplane is called 
the middle classified hyperplane. This construction 
method equally treats every clustering center and 
does not consider the importance of each of them. 
So the similarity degree between middle classi-
fied hyperplane and optimal classified hyperplane 
is reduced. In the paper, approaching degree of 
boundary surface in every clustering center and its 
number of samples are put as the cluster center of 
importance to improve the SVM quadratic expres-
sion and generate the SVM, which the weight is 
importance of samples. The improved SVM is 
trained with clustering centers to obtain a middle 
classification hyperplane, so that Possible Support 
Vectors (PSV) can be obtained more effectively.

Definition 4 In order to reflect the different 
influences of clustering centers for Middle Clas-
sified Hyperplane, normal clustering center of 
importance degree i is defined as

τ i iτ iB Si amplell Sample+ +τ B + +Sample= * ( _ /iNumNN + _ )Num+Num  (3)

In formula (3), Sample Numi_ + is the samples 
number of normal cluster i, and Sample Num_ + 
is the number of normal samples, i C+C1, ,… ; 
 Similarly attack clustering center of importance 
degree j is defined as

τ j jτ jB Sj amplell Sample= S ll(* ( _ /jNumNN −N _ )Num−  (4)

In formula (4), Sample Numj_ − is the samples 
number of attack cluster j, and Sample Num_ − is 
the number of attack samples, j C−1 .

Based on the definition above, the form of 
standard SVM optimization problem is

min /
, ,ω ε, ,

ω ω τ ε
b

Tωω iττ
i

l

iεC2/
1

+
=
∑  (5)

s t y x b i li
T

i i i. .t ( (T ) bb , (i , , )φ(T
i ,bb = 1  (6)

The dual problem is

min ( )
α

αQ( )α ))
j

l

i

l

j j j iα
i

l

=
,,,∑ y yi ∑( )( )∑ j i j i(( j ))( )( )∑∑1

2 1 1j i1 j =ij =1
 (7)

s t yi
i

l

i. .t
=
∑ =

1
0α i  (8)

0 α i iα τα C ( ,1i , )l…  (9)

Through solving the dual problems, middle clas-
sified hyperplane, which is more approximate to 
optimal hyperplane, can be obtained.

2.3 Definition of boundary clusters

Definition 5 If  TrainData is the training samples 
set, S represents classified distance, LiL+LL  is the dis-
tance between any normal cluster center οiο  and 
middle classified hyperplane g = 0. Cluster ViVV +  is 
defined as normal boundary cluster, if  LiL+LL  meets 
the condition:

L S i CiL+ +L SL +≤SS λ + , ,i ,1 …  (10)

In formula (10), λ + +λλ = (| |/| |)TrainData+ |/|
*η, 0 < η ≤ 1, η is distance threshold; attack bound-
ary clusters can be defined correspondingly.

The Figure 1 shows that most training samples of 
boundary clusters (marked by black)  approaching 

Figure 1. Definition of boundary clusters.
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to middle classified hyperplane g = 0 are likely to 
become optimal classified hyperplane g* = 0 pos-
sible support vectors. g = 0 is largely approximate 
to classified hyperplane g* = 0, so the samples 
approaching to g = 0 are approaching to g* = 0. 
Because the samples include by other clusters are 
far away from g = 0 with nothing to g* = 0, they 
can be deleted from training set, retaining only the 
one of boundary clusters.

2.4 Selection of possible support vectors

As Figure 1 shows, although boundary clusters 
are overall approaching to middle classified hyper-
plane g = 0, not all samples included by boundary 
clusters are approaching to g = 0. So it is necessary 
to reduce the samples.

Definition 6 If  the average distance of all nor-
mal boundary cluster samples to middle classified 
hyperplane g = 0 is dm+ and distance of samples 
{ , }x y,i iy,  to dm+ is vi

+ , close degree of normal bound-
ary cluster samples is defined as

CLose vi
i

_ (Degree )
| |N

+ +v(
=

+

∑
1

2  (11)

| |+  represents the number of normal bound-
ary cluster samples. Close degree of attack bound-
ary cluster samples is defined correspondingly.

Definition 7 If  S represents classification interval 
and distance y gi ig( )xix  of  sample { , }x y,i iy,  of  normal 
boundary clusters to middle classified hyperplane 
meets the condition:

S y i Ci ig =+ +S≤ S +σS≤ Sy gig ≤ Sy g )ixixx , ,i ,1 …  (12)

The sample { , }x y,i iy,  is defined as normal pos-
sible support vector. σ α+ +σ g_ *+g  
(0 0 1. ) is the selection factor. Similarly, 
Attack possible support vector is defined 
correspondingly.

By calculating the distance of every sample of 
boundary centers and middle classified hyperplane, 
the samples whose distance is within ( , )S, +S, σ, ))S, +S,,  
are retained and others is abandoned. According 
to formula (12) and Figure 2, this selection strategy 
deletes not only the samples far away from g = 0, 
but also the overfitting (c,d samples in Figure 2) 
and noise samples (a,b samples in Figure 2) are 
removed, which holds over learning of SVM and 
improves it’s generalization ability.

2.5 Description of algorithm

Input: normal training samples TrainData+, attack 
training samples TrainData−, clustering number K, 
selection factor η, selection factor α.

Output: optimal classified hyperplane g*, and 
the program code is as follows:

CenterSet+ = ClusterAnalyze(TrainData+,K);
CenterSet− = ClusterAnalyze(TrainData−,K);
CenterSet = CenterSet+∪CenterSet-;
D = DistanceArray(CenterSet);
B = ApproachDegree(D);
g = MiddleClassifyHyperplane(B, CenterSet);
B_Clusters = BoundarySurfaceCluster(g, );
for i = 1:|B_Clusters|% s(i) is BoundaryCluster 

Sample
If IsPossibleSV(s(i)) = = 1
ReSample = ReSample∪s(i);
end
end
g* = SvmTrain(Re_Sample);

Main functions in the algorithm are defined as 
following:

ClusterAnalyzing(TrainData,K): analyzing train-
ing samples by clustering algorithm and return 
cluster centers;

DistanceArray(CenterSet): calculating distance 
matrix D;

ApproachDegree(D): calculating and return 
approaching degree of boundary surface in 
every clustering center;

MiddleClassifyHyperplane(B,C_SampleNum): 
calculating and return middle classified hyper-
plane g;

BoundarySurfaceCluster(g, η ): obtaining and 
return boundary cluster set (according to the 
formula (10));

IsPossibleSV(s(i)): judging whether B_Clus-
terSample of  boundary cluster set is possible 
SVs according to the formula (12). If  so, it 
returns 1.

SVMTrain(Re_Sample): training SVM with Re_
Sample and Return g*.

Figure 2. Selection of possible support vectors.
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2.6 Analysis of algorithm time complexity

The time-consuming steps of algorithm are the 
following several aspects (assume that number of 
training sample is n, the number of cluster is K):

1. The time complexity of Clustering the normal 
and attack samples by clustering algorithm [4] 
is O( *InterTimeII s  K * )n ;

2. According to reference [7], worst-case time 
complexity of standard SVM (SMO algorithm) 
is O( )n2 2 . Therefore, the time complexity of 
obtaining the middle classified hyperplane 
O(( * )K ).2 2 2

gg
. ;

3. When judging boundary cluster samples one by 
one, the judging times t are based on η , time 
complexity is O f t(f )); and

4. The time complexity of training stand-
ard SVM by PSVs (the number is nPSV ), is
O nPSV(( ) )2 2 . Hence, time complexity of the 
whole algorithm is Θ = O K( *InterTimeII s * )n  
+O f O+t nPSV(f )) (( * )K ) (O+) (O+ ( )nPSV( ) ) (O≈ )+2 2 2 2 2 .

3 EXPERIMENT AND ANALYSIS 
OF INTRUSION DETECTION

3.1 Experimental dataset and setting 
of parameters

Two of 10% independent subsets in KDDCUP1999 
[8] serves as resource of training set and testing set. 
5 experimental datasets are formed after sampling 
randomly. The RBF function acts as kernel func-
tion of SVM and kernel parameter g and C can be 

obtained by cross-validation optimizing method. 
The cluster number is K = 10.

3.2 Comparison and analysis 
of experimental result

Comparing Table 1 with Table 2 under different 
experimental datasets, the number of  reduced 
training samples (PSV) with MCH algorithm 
is about 2% of  original training samples; there-
fore, it obviously reduces the training time of 
SVM.  Especially, in the first dataset, training 
time decreases by 2.057 s. Moreover, this method 
also effectively reduces of  support vectors by 
20% on average; hence, detecting time of  SVM 
decreases significantly. Take the fifth dataset for 
example, detecting time reduces from 4.125 s 
to 1.563 s. Meanwhile, detecting rate of  SVM 
rises by 0.83% on average and error rate reduces 
by 0.05%. As a result, performance of  SVM is 
greatly improved.

As illustrated in Figures 3 and 4, compared with 
CLU-SVM, MCH-SVM shows higher detecting 
rate and lower error rate in every dataset, especially, 
in the fourth dataset, detecting rate of MCH-SVM 
is 18.5% higher than that of CLU-SVM and error 
rate of MCH-SVM is 0.13% lower than that of 
CLU-SVM.

In an experiment, we compared CLU-SVM 
algorithm in training and detecting time of CLU-
SVM are greatly reduced, especially, in the third 
dataset, training and detecting time of MCH-
SVM algorithm respectively decreases by 0.01 s 
and by 1.31 s.

Table 1. SVM intrusion detection results without MCH.

No
Original 
samples

SV 
(s)

Training 
time (s)

Detecting 
time (s)

Detecting rate 
(%)

Error 
rate (%)

1 13740 224 2.094 4.141 93.24 0.25
2 11651 221 2.203 4.047 97.12 0.22
3 14695 220 2.094 3.735 93.47 0.22
4 10980 204 1.765 3.266 91.15 0.2
5 12763 226 2.187 4.125 97.88 0.26

Table 2. SVM intrusion detection results with MCH.

No
Original 
samples

SV 
(s)

Training 
time (s)

Detecting 
time (s)

Detecting rate 
(%)

Error 
rate (%)

1 192 187 0.037 1.370 93.68 0.18
2 185 179 0.087 1.869 98.26 0.20
3 183 180 0.053 1.531 94.22 0.19
4 161 157 0.011 1.100 91.99 0.15
5 191 190 0.056 1.563 98.86 0.20
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Figure 3. Detecting rate of two algorithms under dif-
ferent datasets.

Figure 4. Error rate of two algorithms under different 
datasets.

Figure 5. Influence of α on detection performance of 
MCH-SVM.

which can improve raise detection performance of 
MCH-SVM.

4 CONCLUSION

For the problem of higher dimension and larger 
network data result in long training time and low 
detecting speed of SVM, a method for SVM intru-
sion detection based on middle classification hyper-
plane is proposed in this paper. Experiments show 
that the method is effective in decreasing training 
samples and improving training and detecting 
speed of SVM. But how to determine the optimal 
value range of selection factor η  boundary clusters 
will be the next studying content.
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As shown in Figure 5, with distance threshold 
α becoming gradually smaller, training and detect-
ing ime of MCH-SVM not only reduce, but it’s 
detecting rate also rises markablely. This shows 
that selecting proper distance threshold α not only 
shrinks the number of training samples but also 
removes effectively overfitting and noise samples, 
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Computer simulation on aerodynamic design of waverider vehicle
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ABSTRACT: The configuration of a small waverider vehicle is designed using the wedge angle method 
in this paper. The lift body created has been optimized by the simplex method with a penalty function. 
The aerodynamic characteristics of the waverider optimized are investigated by the numerical method. 
The research results show that the wedge angle method is a highly efficient way to generate waverider 
vehicle; on the different mach number, there is pressure leaking between the upper and lower surface of 
lift body, which leads to lateral flow in the spanwise on the precompression plane, and which creates the 
inhomogeneity of inlet flow field; Adding side skirts on the both sides, which can reduce the lateral flow 
on the waverider ‘s precompression plane, it can raise the vehicle lift.

Keywords: waverider; wedge angle method; aerodynamic characteristic; computer simulation
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Calculate the first waverear Mach number Ma1, 
and then figure out the second waverear Mach 
number Ma2 according to the first waverear Mach 
number Ma1 and the second shock angle β2.

The shock angles can be designed by the uni-
form shock strength, namely:

Ma Masin sinβsinβ βM sMa in β1 1ββ Ma 2 2Maββ 3ββ=βsMa inMa 2ββ  (2)

And, it can also be designed by the uniform 
shock angle, namely: β1 = β2 = β3. The initial of the 
research uses the latter.

Based on the wavefront Mach number and 
shock angle, the relationship for the shock angle 
and the flow turning angle is

tan sin

sin
δ β

γ β βtan
=

−
+ −⎛

⎝
⎛⎛⎛⎛
⎝⎝
⎛⎛⎛⎛ ⎞β

⎠
β

⎠⎠
⎡
⎣⎢
⎡⎡
⎣⎣

⎤
⎦⎦⎦

Ma

Ma

2 2sin
2 2sinγ +⎛⎛⎛

1
1

2

 (3)

Calculated the flow turning angle of waverear 
for each shock angle: α α α1 2α αα 3αα,2α .

1 INTRODUCTION

In recent years, more and more attention has been 
paid to hypersonic technology around the world, 
and the United States, Russia, France, Germany, 
and other countries have gradually made sig-
nificant progress in hypersonic flight technology, 
which has moved from stage to explore the con-
cepts and principles to phase of advanced technol-
ogy development. Waverider vehicles lift upon the 
forebody and afterbody, expanding nozzle, and 
the forebody plays a crucial role as the main lift 
component (Hampton 2002, A. Clark 2006, M.D. 
Salas 2007). This article describes a quick method 
of generating waverider lift body, and a forebody 
has been designed to meet the actual require-
ments combined with sophisticated optimization 
technology.

2 METHOD AND MODEL

With the wedge angle method, a waverider shape 
needed can be generated neatly based on the Oscu-
lating Cone theory (R.P. Starkey & M.J. Lewis 
1998, R.P. Starkey & M.J. Lewis 1999). Design 
process is as follows: First, select the Mach number, 
and choose the shock number and shock angle for 
the forebody according to the inlet requirements. 
In this paper, the Mach number is preliminary cho-
sen as: Ma = 6.0, and the first shock angle of the 
forebody is β1ββ 013= .
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The selected inlet curve is shown in Figure 1. 
The inlet form curve can be designed to a rectan-
gular model, and the edges are connected with 
smooth curves.

The method of the waverider is: In condition 
of the Mach number and zero angle of attack 
designed, all the shocks intersect at the lower 
surface line of the inlet. After the success of the 
design, the shock wave generated at O1 point of the 
forebody intersects to point B, and the second and 
third shocks generated at O2 and O3 points in the 
same vertical cross-section also intersect at point B. 
The details are shown in Figure 1. For this pur-
pose, the design is as follows:

1. Arbitrarily select a point O of the upper sur-
face form curve of the inlet, and find the O3 
point along the direction of negative X-axis, 
to make the angle between OO3 and X-axis to: 
α α1 2α αα 3αα+ +α2α , and the angle between O3B and 
X-axis to: β α α3 1β αβ 2α+α1αα .

2. Set point O3 as a starting point, and find the 
point O2 along the direction of negative X-axis, 
to make the angle between O3O2 and X-axis to: 
α α1 2α αα + , and the angle between O2B and X-axis 
to: β α2 1β αβ α .

3. Set point O2 as a starting point, and find the 
point O1 along the direction of negative X-axis, 
to make the angle between O2O1 and X-axis to: 
α1αα , and the angle between O1B and X-axis to: β1ββ .

4. The first leading edge curve of the forebody can 
be generated by points O1, which are tracked 
by the upper surface form curve of the inlet, 
and the second and the third leading edge 
curves are generated by point O2 and point O3, 
respectively.

5. The first and the second leading edge curves 
compose the first surface of  the lower fore-
body surface; the second and the third lead-
ing edge curves compose the second surface of 
the lower forebody surface; the third leading 
edge curve and the upper surface form curve 
of  the inlet compose the third surface of  the 
lower forebody surface; and all the three sur-
faces compose the lower surface of  waverider 
forebody.

6. The upper surface of waverider forebody is 
obtained by the translation of the first leading 
edge curve along the free flow, that is X-axis.

This initial design parameters in the paper are 
as follows: Mach number is Ma = 6.0, shock angle 
are β1 = β2 = β3 = 13°, the height of  the inlet is 
30 mm, spanwise length is 100 mm, the lower sur-
face form curve of  the inlet is straight line, the 
middle part of  the upper surface form curve is 
straight line, and both edges are connected with 
the second exponential curve. Aiming to make 
the lift-drag ratio to the maximum, volumet-
ric efficiency ηsp > 0.1, and taking the forebody 
length L > 10.0 as constraint conditions, the ini-
tial design of  the waverider configuration can 
be optimized preliminary. The results are shown 
in Figure 2. Reference to a small cruise aircraft 
shape, design parameters such as volume require-
ments of  the forebody, a secondary shape opti-
mization is done, the design results are shown in 
Figure 3 (H. Xiao 2003).

3 AERODYNAMIC PERFORMANCE 
OF FOREBODY

Figure 4 shows the pressure coefficient distribution 
diagrams for the waverider configuration, which 
is optimized secondary when the design Mach 
number Ma = 6.0 and off-design Mach number 
Ma = 7.0, altitude is 30 km, the flight angle of 
attack, and side slip are zero.

Figure 1. Waverider configuration design principle-
based wedge angle method.

Figure 2. Lift body configuration optimized first.

Figure 3. Lift body configuration optimized second.
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Comparing the pressure distribution under dif-
ferent Mach numbers shows that the pressure con-
nection exists between the upper and lower surface 
of the waverider forebody, which will result in the 
existence of lateral flow in spanwise on the precom-
pression plane. Figure 5 shows the comparison 
charts of the pressure coefficient of the centerline 
and edge line on the forebody precompression 
plane under different Mach numbers. It can be seen 
from the figure that from the first compression sur-
face to the third compression surface, the pressure 
leaking is gradually increasing between the upper 
and lower surfaces, and the pressure coefficient 
difference of centerline and edge line is gradually 
increasing too. The existence of these results will 
cause the non-uniform flow of inlet.

For the shortcomings of the lift body con-
figuration designed, the concept of waverider 
 configuration is used to improve the front design 
method. By creating successive approximation 
closed shock, the aim is to close the high-pressure 
gas in the lower surface, reduce the horizontal flow, 
and increase the uniformity of inlet flow field.

As the side edge shock can reduce lateral flow, a 
second side edge and a third side edge in side wall 
zone are built in this article. The aim is to impede 
lateral flow by using the shock wave surface, and 
the diagram is shown in Figure 6.

Figures 7 and 8 show the pressure coefficient 
distribution under the different Mach numbers, 
and the comparison chart of the pressure coef-
ficients on the precompression plane central line 
and edge lines. It can be seen from the figure that 
the precompression plane centerline pressure coef-
ficient, especially the third precompression plane 
centerline pressure coefficient, has significantly 
improved after modified and the range is between 
15 and 20%; the range of the edge line pressure is 
between 20 and 30%, and the gap narrowed signifi-
cantly. That is, the lower surface flow of forebody 
modified played a role of reducing lateral overflow, 
and the pressure of the center line is higher than 
the pressure of the edge line, still maintaining the 
effect of boundary layer overflow.

Figure 9(a) shows the static pressure distribu-
tion of the lower surface of waverider lift body 

Figure 5. Pressure coefficient variations in constant 
Ma, α, β.

Figure 6. Lower surface configuration of lift body 
modified.

Figure 7. Computational pressure coefficient contours 
for forebody modified.

Figure 4. Computational pressure coefficient contours.

Figure 8. Pressure coefficient variations in constant 
Ma, α, β for forebody modified.

modified at the design point, while Figure 9(b) 
shows the static pressure distribution at the off-
design point.

As can be seen from Figure 9(a): on the first 
compression plane, the pressure of center area and 
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side wall area are almost the same; on the second 
compression plane, the pressure of center area 
is 20% higher than that of the side wall area, the 
pressure of rear part in the center region is 16.65% 
higher than that of the front part, and the pres-
sure in the region is distributed regularly from the 
center to the edge, yet the center pressure is high, 
the edge pressure is low; on the third compres-
sion plane, the pressure of central point is 11.77% 
higher than that of the marginal point, which is 
50% higher than that of the side wall area, and the 
pressure in the region is also distributed regularly 
from the center to the edge, yet the center pressure 
is high, the edge pressure is low.

As can be seen from Figure 9(b): on the first 
compression plane, the pressure of center part and 
marginal part and side wall are basically the same; 
on the second compression plane, the pressure of 
central point is 13.0% higher than that of the mar-
ginal point, which is 30.4% higher than that of the 
side wall region, and the pressure in the region is 
distributed regularly from the center to the edge, yet 
the center pressure is high, the edge pressure is low; 
on the third compression plane, the pressure of cen-
tral point is 3.1% higher than that of the marginal 
point, which is 46.2% higher than that of the side 
wall region, and the pressure in the region is also 
distributed regularly from the center to the edge, yet 
the center pressure is high, the edge pressure is low.

4 CONCLUSION

Based on the above analysis and numerical simu-
lation results, the following conclusions can be 
obtained:

1. The wedge angle method is an effective way to 
generate the waverider lift body quickly accord-
ing to the design requirements of a waverider 
vehicle.

2. The pressure leaking exists on the upper and 
lower surface of the lift body optimized, which 
will result in the existence of lateral flow in 
spanwise on the precompression plane, caus-
ing the non-uniform inlet flow field under the 
design and off-design state.

3. Adding the side skirts of the lift body at the 
edge can effectively reduce the lateral air flow 
on the precompression plane, thus effectively 
raising the lift of the forebody.
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limits fault localization in a smaller perimeter area 
and can thus significantly reduce the time and space 
complexities of fault localization. However, it may 
take long time to localize a failed link if the affected 
light paths are long. Therefore, it is necessary to 
optimize the traffic distribution in a static network 
in order to minimize the fault localization time at 
each link. The reader is referred to for more details 
about the LVM protocol.

2 BASIC PRINCIPLES OF FUZZY THEORY

Fuzzy set theory offers new methods for modeling 
the inexactness and uncertainty concerning decision 
making. The fuzzy approach improves the poten-
tial for modeling human reasoning and for present-
ing and utilizing linguistic descriptions (e.g. rather 
sure) in computerized inference. While we believe 
that the Fuzzy Clustering Algorithm may be gener-
ally applicable in every network scenarios. Thus, we 
study the performance of Fuzzy Clustering Algo-
rithm in the context of a restricted class of faults 
for which we can indeed construct practical Fuzzy 
Clustering Algorithm. In each instance, we collect 
fault signatures from a fault detection system. The 
signatures are then input to a localization algo-
rithm that outputs a hypothesis corresponding to a 
set of likely faults in the network. We use the fuzzy 
membership function describes the uncertainty 
between the sink nodes and the fault link based 
on the network traffic and the network topology. 
We apply the Fuzzy Clustering Algorithm used in 
the all-optical transport network, give the steps of 
Fuzzy Clustering Algorithm for fault localization 
based on the mathematical model of optical trans-
port network and evaluate the effectiveness of 
Fuzzy Clustering Algorithm.

1 INTRODUCTION

With the continuous emergence of new network 
services, such as cloud computing, social media, 
multimedia streaming, online search, online gaming, 
the Data Centers (DCs) and Data Center Networks 
(DNCs) have achieved rapid development. Opti-
cal networks have gained tremendous importance 
due to their ability to support very high data rates 
using the Dense Wavelength Division Multiplexing 
(DWDM) technology. At such high rates, a brief  
service disruption in the operation of the network 
can result in the loss of a large amount of data. 
The author implement fuzzy fault set based multi-
link faults localization mechanism in multi-domain 
large capacity optical networks. It has high scalabil-
ity, speed and success rate compared with extended 
LVM protocol [1]. The fault may appear at any 
time, at any place and at any kind with sink node 
send alarming packet into other sink node along 
with the nature of fault propagation, the relation-
ship between the fault link and sink node is become 
uncertain and there is not exist determined value 
describing the uncertainty (a fault link may belong 
to one or several sink node at a short period of time 
temporarily). The fault localization becomes critical, 
complicated and it is difficult to precisely obtain the 
number of the fault and identify possible network 
fault location separately. The LVM protocol is a fault 
localization protocol for localizing single-link fail-
ures in all-optical networks. This protocol assumes 
no optical power monitoring available at each inter-
mediate node and only an edge node is able to detect 
the power loss or quality degradation of an optical 
signal. Therefore, it provides the maximum level of 
transparency by skipping any power monitoring or 
spectrum analysis at intermediate nodes on a light 
path. An advantage of the LVM protocol is that it 
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A classical (crisp) set includes elements which 
can either belong to or not belong to the set, 
whereas elements of a fuzzy set may have various 
degrees of belonging. A fuzzy set can be defined 
as follows.

If  X is a collection of objects denoted generi-
cally by x then a fuzzy set A in X is a set of ordered 
pairs:

A x x x XAx x x{({( , (uAu )) }  (1)

UA(x) is called the membership function or 
grade of membership (also degree of compatibil-
ity or degree of truth) of x in A. The membership 
function describes the degree to which the element 
x belongs to the fuzzy set A [1].

Operations with a fuzzy set are defined via their 
membership functions. Basic set operations are 
intersection, union and complement, which are 
defined as follows:

Intersection: min ( ( ) ( ))u u ( u (A B A B( ), ( u( )x =  (2)

Union: max ( ( ) ( ))u u ( u (A B A B( ), ( u∪ ( )x =  (3)

Complement: 1 ( )u (A A( ) −1  (4)

Using these conservative definitions the com-
bined results are determined solely by the maxi-
mum in the case of union and the minimum in the 
case of intersection, independent of the strengths of 
other inputs [3]. Research has shown that in human 
reasoning various other operators in the T-norm 
and Tconorm class or the averaging operators may 
be better models. In the following only the algebraic 
sum, which is also a special case of Hamacher-union 
and Dubois-union, is defined [2].

The a-level set and the cardinality (or “power”) 
of a fuzzy set are also defined in the following due to 
their use in the proposed method for fault location. 
The set of elements that belong to the fuzzy set A at 
least to the degree α is called the α-level set [9]:

A Aα x{ (x X uA∈x | uA ) }≥ α  (5)

For a finite fuzzy set A the cardinality is 
defined as

| | ( )u|
A

x X
∑  (6)

The relative cardinality of A is defined as

|| ||
| |

| |
A =  (7)

In comparing fuzzy sets by their relative car-
dinality the same universe should be chosen. The 
relative cardinality can be interpreted as the frac-
tion of elements of X being in A, weighted by their 
grades of membership in A [2]. In knowledge engi-
neering fuzzy sets support the rule-based reason-
ing. Expert systems of the first generation utilized 
rules to model human reasoning. However, the 
number of rules needed in the knowledge base was 
huge. In the next generation frames were used to 
model the knowledge of the application domain 
and the focus was on model-based reasoning. 
Fuzzy set theory turns the focus on the experts and 
their operation.

3 MULTI-FAULTS LOCALIZATION

To help understand the improved LVM protocol, 
it is necessary to identify different combinations 
of multiple failures. The FC-LVM protocol is an 
extension of the LVM protocol. Due to the limita-
tion of space, we will only focus on the difference 
between LVM and the new requirements for FC-
LVM design. For ease of exposition, we will con-
sider the scenarios with two link failures. However, 
the protocol can also be applied to the scenarios 
with more than two link failures.

Case 1: De-coupled multi-failure. In this case, 
two failures occur simultaneously. They are apart 
from each other and there is no overlapping 
between the perimeters corresponding to the two 
failures. Figure 2 gives an example of this case.

Case 2: De-coupled multi-failure shared light 
path. This case is very similar to Case 1. Two 
failures occur simultaneously. They are apart from 
each other and there is no overlapping between 
the perimeters corresponding to the two failures. 

Figure 1. The relationship between the sink nodes, the 
light path and link.
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However, there is a light path passing through the 
two failures. Figure 3 gives an example of this case.

Case 3: Special cases. One special scenario is that 
two failures occur simultaneously and all failed light 
paths have shared links, as shown in Figure 4. The 
executive sink node 11 will localize the failed link b 
and it will assume that no other failed links exist. In 
this case, one of the failed links will not be localized.

Case 4: Another special scenario is that one fail-
ure occurs and all failed light paths have shared 
links, as shown in Figure 5. In this case, all failed 

Figure 2. De-couple multi-failure scenario.

Figure 3. De-coupled multi-failure shared light path.

Figure 4. Overlapping perimeter areas with shared light 
path.

Figure 5. Un-localized failed links.
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light paths share two or more links. In our example, 
all light paths shares link c and b. Therefore, the 
executive sink node 16 cannot tell exactly which 
link failed and hence it assumes that both links 
failed.

4 CONCLUSIONS

Fuzzy set theory offers new methods for modeling 
the inexactness and uncertainty concerning deci-
sion making. We described multiple fault localiza-
tion mechanism based on fuzzy clustering theory. 
Every real optical transport network must own 
unique membership function according to the 
experience of experts and the successful fault loca-
tion in the past.

REFERENCES

[1]  JingranLuo, Shanguo Huang, Jie Zhang, Xin Li, 
WanyiGu, A Novel Multi-Fault Localization Mecha-
nism in PCE-Based Multi-domain Large Capacity 
Optical Transport Networks, OFC, Los Angeles, CA, 
USA, March 2012.

[2]  H. Zeng, A. Vukovic, and C. Huang, “A Novel End-
to-End Fault Detection and Localization Protocol for 
Wavelength-Routed WDM Networks,” Proc. SPIE, 
Photonics North, Toronto, Canada, Sept. 2005.

[3]  Limited-perimeter vector matching fault-localization 
protocol for transparent all-optical communica-
tion networks A.V. Sichani and H.T. Mouftah, IET 
Commun., 2007, 1, (3), pp. 472–478.

[4]  Tomsovic K., Ling J.M., A Proposed Fuzzy Infor-
mation Approach to Power System Security. Third 
Symposium on Expert Systems Application to Power 
Systems, Tokyo-Kobe, Japan, April 1991, p. 427–432.

ECECS15_Book.indb   178ECECS15_Book.indb   178 10/27/2015   7:00:04 PM10/27/2015   7:00:04 PM

  



179

Electrical, Control Engineering and Computer Science – Liu (Ed.)
© 2016 Taylor & Francis Group, London, ISBN 978-1-138-02937-8

Study on characteristics of Channel Plasmon Polariton Waveguides 
by the improved coupled mode theory

Aning Ma, Yuee Li & Yuzhen Wang
School of Information Science and Engineering, Lanzhou University, Lanzhou, China

Guojian Li
College of Electrical Engineering, Northwest University for Nationalities, Lanzhou, China

ABSTRACT: A classical surface plasmon polariton waveguides is studied by the improved coupled 
mode theory. By simulating and analyzing the electromagnetic field distribution of Channel Plasmon 
Polariton (CPP) waveguides at telecom wavelength λ μmμμ , the best structure size of directional cou-
plers (DCs) and communication channel based on CPP waveguides is determined that the channel depth 
h m. μmm, angle θ = 20� and h m. μmm, θ = 20�. The results obtained reveal that the CPP waveguides is 
more suitable for used as a communication channel. It is of great value for the practical application of 
CPP waveguides in integrated optical circuits.

Keywords: Channel Plasmon Polariton Waveguides (CPPW); the improved coupled mode theory for 
SPPW; communication channel; integrated optical circuits

propagation constants, the coupled mode equa-
tions can be written as

d
d
a
z

i a i a1
1 2i a= i ( )))i κ aaa  (1a)

d
d
a
z

i a i a2
2 1i a= i ( )))i κ aaa  (1b)

where, aja (j = 1, 2) is the modal amplitudes of 
waveguide j; β α  is the complex mode propaga-
tion constant of CPP waveguides. β  is the phase 
constant, α  is the attenuation constant. In this 
study, only the metal loss is considered because the 
dielectric loss is much smaller than the metal loss 
in CPP waveguides. κ  is the mode coupling coef-
ficient which can be calculated as [7]
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where, n is the refractive index distribution in the 
surrounding dielectric media, n0 is the refractive 
index distribution of CPP waveguides. EjtE  and Ej zE
(j = 1, 2) are respectively the transverse electric field 
distribution and the longitudinal electric field dis-
tribution of CPP waveguide j.

Using a A e e z
1 1AA −α βez ize z  and a A e e z

2 2A −α βez ize z, 
Eq. (1) is converted to the equations of A1 and A2, 

1 INTRODUCTION

Surface Plasmon Polaritons (SPPs) are prospec-
tive methods to accomplish miniaturization and 
high-density integration of optical circuits [1–3]. 
A variety of structures have been proposed and 
experimentally studied to demonstrate sub-
 wavelength confinement and efficient guiding of 
plasmon polariton modes including metal stripes 
[4], V-shaped grooves (CPPs) [5] and triangular 
wedges (WPPs) [6]. We have proposed an improved 
coupled mode theory for SPPW in [7], which is dif-
ferent from the coupled mode theory of conven-
tional optical waveguides that satisfies the weakly 
guiding situations.

In this paper, a comprehensive analysis about 
CPP waveguides is given. The modal characteristics 
of CPP waveguides as a function of channel angle 
and channel depth are given. Two main param-
eters with different separation distance including 
coupling lengths and transmission lengths are 
analyzed. The normalized power in waveguide 
1, 2 along CPP waveguide is shown. The results 
obtained reveal that CPP waveguides is more suit-
able for serving as a communication channel.

2 PRINCIPLE OF THE IMPROVED CMT

For two symmetrical CPP waveguides with much 
loss, by simply introducing the imaginary part of 
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and supposing optical power P0 initially launched 
into waveguide 1, we can obtain the power of 
waveguide 1, 2

P P z e z
1 0P PP P 2 2ecos (2 )κ zzz α zz  (3a)

P P z e z
2 0P PP P 2 2esin (2 )κ zz α zz  (3b)

Then as long as P0 is given, the power distribu-
tion in waveguide 1, 2 along propagation direction 
z can be obtained by Eq. (3). 100% power coupling 
occurs at the coupling length of

LcL =
π
κ2

 (4)

The transmission length can be calculated by

LtL =
1

2α
 (5)

Assuming the optical power P0PP 1=  initially 
launched into the first CPP waveguides, we can 
define the crosstalk as the ratio of the output 
power in the second CPP waveguides to the input 
power in the first CPP waveguides. So the crosstalk 
XT (intrinsic crosstalk) can be calculated as the 
normalized power in the second waveguide of the 
distance along the propagation direction

XT dB= =P z2 1=PP 0 210( )zz log (P10 2PP ) /  (6)

3 RESULTS AND INTERPRETATION

The cross section of Au channel plasmon polari-
ton waveguides is shown in Figure 1(a). The radius 
of curvature of vertex is r nm10 . The corners 
where the flat horizontal surface meets the trian-
gular structure are also rounded with a radius of 
curvature R nm100 . It is worth mentioning that 
the CPP mode is no longer guided for a height 

h h mch =hch 1 0. μmm  [8]. The permittivity of the metal 
(Au), the cladding (Air) and the substrate (Silica) 
are εAuε i= − +131 95 12 65. .+95 12 , εcε = 1  and εsε = 1 472.  
respectively at telecom wavelength λ . 
Figure 1(b) presents the distribution of the elec-
tric field in the Au wedge plasma waveguides of 
Figure 1(a).

The mode properties of CPP waveguides as a 
function of channel angle θ  and channel depth 
h  are given in Figure 2(a) and Figure 2(b). In 
 Figure 2(a), the channel angle is varied and the 
channel depth is constant, h m. μmm. It is shown 
that the best channel angle is θ = 20°, if  we consider 
the influence of normalized effective index and 
transmission length simultaneously. In Figure 2(b), 
the channel depth is varied and the channel angle is 
constant, θ = 20°. It is found that the best channel 
depth is h m. μmm, while the CPP waveguides has 

Figure 2. (a) The modal characteristics of CPP 
waveguides as a function of channel angle; (b) the modal 
characteristics of CPP waveguides as a function of chan-
nel depth.

Figure 1. (a) The cross section of Au channel. (b) The 
distribution of the electric field.
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the optimal transmission characteristics, and the 
best channel depth is h m. μmm, while the CPP 
waveguides has the optimal coupling perform-
ance. Therefore, a comprehensive analysis about 
the transmission and coupling performance of 
CPP waveguides using the improved coupled mode 
theory for SPPW is given.

The mode coupling of CPP waveguides is inves-
tigated numerically by calculating the mode effec-
tive indexes (both real and imaginary parts) of SPP 
waveguides. The schematics of two adjacent paral-
lel CPP waveguides is depicted in Figure 3. Two 
CPP waveguides are separated by a distance D. In 
order to have a meaningful research, we consider 
exactly two types of geometrical dimensions for 
CPP waveguides according to the above analysis 
results. So we can select h m. μmm, θ = 20° and 
h m. μmm, θ = 20° at λ μmμμ , with these 
parameters only the first (fundamental) CPP mode 
can be guided.

The transmission length LtL = 1 2/ α  and the 
coupling length LcL = π κπ 2  is shown in Table.1. 
The following conclusions are drawn: (i) The 

Figure 3. Schematic of two adjacent parallel 
CPP waveguides. (a) the cross section of two adjacent 
CPP waveguides; (b) the structure of two adjacent CPP 
waveguides.

Table 1. The coupling length and transmission length 
of CPP waveguides.

 coupling length Lc of  adjacent parallel waveguides 
increases with increasing separation distance D; 
(ii) The coupling length 166.98 μm is larger than 
the transmission length 51.096 μm when the chan-
nel depth h m. μmm and separation distance is 
0 μm; (iii) The coupling length 27.39μm is little 
smaller than the transmission length 34.54 μm 
when the channel depth h m. μmm and separa-
tion distance is 0 μm; (iv) The channel of  depth 
2.1 μm is more suitable for serving as a communi-
cation channel because of  its longer transmission 
length, and the channel of  depth 1.2 μm can be 

Figure 4. The normalized power in waveguide 1, 2 
along CPP waveguide.
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constructed a directional couplers because of  its 
smaller coupling length.

More specifically, Figure 4 gives the normal-
ized power exchanges along with the first and 
second CPP waveguide, when the waveguides 
separation is D = 0 μm. We can see that two CPP 
waveguides do hardly exchange optical power 
and the normalized power in the first and second 
waveguide is decreasing quickly after propagat-
ing a certain length because of  great attenuation 
of  CPP waveguides, when the separation distance 
D = 0μm and the channel depth is h m. μmm in 
Figure 4 (a). Whereas, in Figure 4 (b), about 70% 
optical power coupled into waveguide 2 after 
transmitting a coupling length, when the separa-
tion distance D = 0 μm and the channel depth is 

. μmm. Therefore, it indicates that the channel 
waveguides is more suitable for serving as a com-
munication channel, although it can be used as a 
directional coupler.

4 CONCLUSION

In this paper, we studied the CPP waveguide with 
the channel h m. μmm, θ = 20° and the chan-
nel h m. μmm, θ = 20° respectively at telecom 
wavelength λ μmμμ  using the improved cou-
pled mode theory for surface plasmon polariton 
waveguides. The results indicate that the channel of 
depth 2.1μm is more suitable for serving as a com-
munication channel because of its longer transmis-
sion length, and the channel of depth 1.2μm can be 
used for constructing a directional coupler. There-
fore, we conclude that the CPP waveguides is more 
suitable for serving as a communication channel 
due to its weaker coupling performance [7], com-
pared with using it as a directional coupler. The 
results about CPP waveguides are promising for 
the development of sub-wavelength waveguides, 

high density information storage, highly inte-
grated nano-scale photonic devices and related 
applications.
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ABSTRACT: A two-hops wireless communication system with regenerative relays over flat Rayleigh-
fading channels is presented in this paper. We consider the system with multiple antennas deployed at the 
destination node. The cellular user and Device-to-Device (D2D) pair share the same uplink resources. We 
propose to manage the Cellular Users (CU) interference into D2D system. We derive the outage probabil-
ity expression and instantaneous Symbol-Error-Rate (SER) upper bound based on the assumption that 
the perfect CSI is known at all nodes. System simulations show that the proposed algorithms outperform 
the interfered system with single antenna.

Keywords: Device-to-Device (D2D); decode-and-forward; multiple antennas; interference; outage 
 probability; instantaneous Symbol-Error-Rate (SER)

in which the destination node has multiple anten-
nas while source and relay nodes have only one 
antenna each. We can derive the outage probability 
expression and instantaneous Symbol-Error-Rate 
(SER) upper bound with Binary Phase Shift Key-
ing (BPSK) modulation of the system, respectively. 
Simulation results show that the proposed algo-
rithms have better performance than the interfered 
system with single antenna. What is more, interfer-
ence has an effect on the system, so we should not 
ignore it.

2 SYSTEM MODEL

Considering the cooperative system consists of 
one source S, one relay R, and one destination D, 
where multiple antennas can be deployed at the 
destination node. Here, node S is communication 
with node D through node R, which acts as relay. 
We assume that there is no direct link between S 
and D. We propose a DF-based dual-hop half-du-
plex relaying system. Let xs and xc be scalar sym-
bols transmitted from S and CU, respectively. In 
the first hop, the received signal from S to R is

y p h x ph x nSR S Sh R Sx CRhh C Rn= +p h xS h Sx +
 

(1)

where pS, p is the transmitted power at the source 
and the CU, hSR, hCR are zero-mean random vari-
ables with variance σSRσ 2σσ  and σCRσ 2σσ , respectively. nR is 

1 INTRODUCTION

Recently, Device-to-Device communication has 
been attracting more and more attention by vir-
tue of advantages it offers: increasing the utiliza-
tion rate, and reducing the load of base station. 
Introducing relay into D2D communication can 
provide multi-channel diversity to improve the reli-
ability and enhance the coverage of system. As so 
far, a lot of works [1] have focused on three-node 
model. As this is an ever-increasing demand for 
higher date rate wireless access, so that Multiple-
Input Multiple-Output (MIMO) technology is 
being introduced to the D2D communication to 
meet this demand. In [2], multiple antennas at the 
destination node are introduced, which use adap-
tive Power Allocation (PA) algorithms in order to 
improve the performance of the system.

In practice part, the interference between CU and 
D2D has a big effect on the transmission. Allow-
ing D2D transmissions on the same resources as 
the cellular Downlink (DL) is challenging because 
of the high mutual interference between the two. 
One approach is to coordinate the transmissions 
via interference-aware scheduling [3]. The other is 
to introduce interference-avoiding preceded Down 
Link (DL) transmission [4].

In this paper, we reuse the same Uplink (UP) 
resources at the BS. The interferences cause mostly 
from CU to D2D receiver. The BS can ignore the 
interference from the D2D transmitter because of 
its lower transmit power. We investigate a system, 

ECECS15_Book.indb   183ECECS15_Book.indb   183 10/27/2015   7:00:11 PM10/27/2015   7:00:11 PM



184

the noise at the node R. From eqn. (1), the instan-
taneous received SNR is

r p hSRrr S Shh R CRCC= p hS h 2 2
0 )h NCp hh RCp hp hhh 0NN  (2)

In the second hop, the received signal from the 
relay to the destination is given by

y p h x p h x
ph x n

RD R Rh D Rx

CDhh C Dn
= +p h xR h

+ +ph xCDhh
1 2p hRx R Rh D+xRx

 (3)

xR is a scalar symbol transmitted from R and pR 
is the transmitted power at the relay. hRD1 and hRD2 
denote the instantaneous channel gains of the two 
paths. nD denotes the noise received by the destina-
tion. Then, the instantaneous received SNR is

r p h p h p h NRDrr R Rh D Rp RDh CDhhp hR h(( ) ( )2
2

2 2
0NN  (4)

3 SYSTEM PERFORMANCE

Simply, let rs = pS/N0, rR = pR/N0, r = p/N0.

3.1 Outage probability

In a DF scheme, the relays successfully decode the 
message and then forward the detected message to 
the destination node. If  the link quality of any of 
the two hops falls below a predetermined threshold 
rth, an outage will occur. With the help of [6], the 
outage probability of the system is given by

P P SNRS
P h P

r

outPP SR RDR

SR RD

s Srr

SNRSS RDR= P
= − P

= −

{mi ( ,SNRN SRR(SNRNSNRNNR ) }rth<
( )r thSRrr ≥ rth ( )rth( RD ≥rr1

1 δSR RRR RD

CR s SR

CR R RD

CR R RD

rR
rth r

r

r

2 2δδ r
2 2r 2

2 2

2 2

2δR
22

δ δCR s Srs
22 22

δ δCR R Rδ rCR th rR
2 22 2rth r

δ δCR R RrCR th rR
2 22 2rth r

( )
(( )2

 

(5)

Proof: See Appendix A.

3.2 Instantaneous SER

Let pe denote the instantaneous SER for a system 
transmitting message with SNR r over an Additive 
White Gaussian Noise (AWGN) channel. Denote 
pe, SR and pe, RD as the instantaneous SER of the first 
and second hops, respectively.

p

rQ rQ

e

SRr RDr

( )( )Q SQ rr R( ) ( )Q rRQ r D( )
≤ ( ) ( )
1 ( )rrr ) (

2 2r QSRrr ) + (  
(6)

Therefore, we can get the average SER of the 
first hop according to [5], [6] as

p
r
r

expx
r
r

r
re SR

s Srr R

CR

s Srr R

CR

s Srr R
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, ,= −
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(7)

We get on average the conditional SER of the 
second hop according to [5], [6].
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Proof: See Appendix B.
Then the average SER upper bound of the 

whole system can be expressed as
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4 SIMULATIONS

In this section, we give some numerical examples 
of the outage probability and the SER as a func-
tion of SNR. We assume one-antenna source 
node, one-antenna relay node and multi-antenna 
destination, which are located at (0, 0), (5, 5), and 
(10, 0), respectively. The distance is denoted by d. 
All the channels are subject to Rayleigh fading and 
uniform path-loss, with a loss exponent α = 4.

Figure 1 shows the system outage probabil-
ity when the number of antennas is changed. We 
compare the performance of the proposed multi-
ple antennas with interference and single anten-
nas with interference. We set rth = 10 dB. From 
Figure 1, we can see that the more antennas are 
deployed at the destination node, the probability 
of outage will occur less. The performance gets 
better as the ratio becomes larger.

Figure 2 depicts the SER performance. The SER 
of the whole system due to eqn. (9) is too complex, 
so the paper just analyses the average SER upper 
bound of the whole system. In this figure, we show 
the SER performance of the multiple antennas with 
interference, multiple antennas without interference 
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and single antenna with interference. Comparing 
the performance of single and multiple antennas 
with interference, we can see that the SER perform-
ance of multiple antennas is obviously better than 
single antenna. The higher the SNR, the more obvi-
ous the performance. But it is also seen that the SER 
performance is smaller when comparing the SER 
performance of the multiple antennas with inter-
ference and multiple antennas without interference. 
The difference between the two is so obvious that 
we had better not ignore the interference.

5 SUMMARY

In this paper, we propose a regenerative relaying 
with multiple antennas at the destination node. We 
take the interference into consideration as the D2D 
pair and CU share the same UP resources. Numer-
ical results show that our system outperforms than 
the system with single antenna from the perspective 
of outage probability and SER. The higher the 
SNR, the more obvious the performance. As the 
difference is obvious, we shall consider the interfer-
ence between the D2D pair and CU.
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APPENDIX

A. Evaluating P SR( )r rthSRrr  and P RD( )r rthRDr
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B. Evaluating pe,SR and pe,RD
According to A, we can evaluate f(r1) and f(r2)

f r
krr

x
r

As Srr R CRCC

s Srr R CRCC

)r
/

1rr
2 2

2 2k

2 2
1//

1
=

+
⎛

⎝⎜
⎛⎛

⎝⎝

⎞

⎠⎟
⎞⎞

⎠⎠

=
( )Bx CB C+

σ σSR C
2 22 2

σkrSR Ckr 22kr

f r
xr

r

xR Rr D CRCC

CR R RD

)r2rr
2 2 2 2

2 2 3 3

2 2
=

( )
( )

=
( )

δ δrRD Cr2 22 r 22(
δ δx rCR R Rr2 22 2x r+

αxx

))x +

(7) can be evaluated with the help of [5, 
eq. (3.383.10)], [6, eq. (3.3213)].

Figure 1. Comparison of outage probability.

Figure 2. BPSK SER versus SNR.
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Channel estimation of IEEE 802.11ah based on traveling pilot 
and compressive sensing
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ABSTRACT: IEEE 802.11ah amendment proposes traveling pilot, which can be combined with Long 
Training Sequence (LTF) to refresh the initial channel estimation and to effectively cope with the Dop-
pler shift. We analyzed the performance of traveling pilot via Compressive Sensing (CS) based on OMP 
algorithm, and compared it with LS estimate and MMSE estimate. The results show that, compared with 
other interpolation algorithms, OMP algorithm can fully utilize traveling pilot’s scattered structure which 
gets the best overall performance.

Keywords: IEEE 802.11ah; compressive sensing; traveling pilot; channel estimation

2 STRUCTURE OF TRAVELING PILOT

According to [7], traveling pilot’s function is when 
both transmitter and receiver are in outdoor envi-
ronment and one of the paths is the reflection of a 
moving car, the transmission performance by using 
traveling pilot is superior to just using traditional 
fixed pilot. The reason is that the location of the 
pilot continually changes so that all tones are cov-
ered, thus enabling a continuous refresh of the ini-
tial channel estimation throughout the packet.

In 32FFT case, traveling pilot insertion position is 
shown in Figure 1, in which Nsts means the number 
of space–time streams. Other structures such as 
64FFT, 128FFT, and 256FFT can be found in [8].

3 CHANNEL ESTIMATION BASED 
ON COMPRESSIVE SENSING

This chapter mainly focuses on three cores of 
compressive sensing: signal sparsity, measurement 

1 INTRODUCTION

OFDM system has already been the major choice 
when we implement the physical layer of a wire-
less communication system. In order to ensure the 
stability and accuracy of communication, chan-
nel estimation is an essential part of an OFDM 
receiver. Typically, we improve channel estimation 
performance in two ways: pilot pattern design and 
channel estimation algorithm. In terms of pilot 
pattern design, Block-type pilot [1], Comb-type 
pilot [2], and Square-type pilot [3] are frequently 
used. We classify them to fixed pilot collectively. 
In terms of channel estimation algorithm, there 
are several common algorithms such as LS esti-
mate [4], MMSE estimate [5], and its reduced form 
LMMSE estimate [6].

However, the problem of traditional 802.11 sys-
tems is that they only enable channel estimation at 
the beginning of the packets during the LTF while 
lack of the ability to continuous refresh the initial 
channel estimation throughout the packet. That is 
why we choose traveling pilots. On the other hand, 
although the complexity of LS estimate is low, it 
would be very sensitive to AWGN. MMSE esti-
mate can guarantee accuracy, but its complexity 
is too high for implementation. Even though we 
can simplify the calculation process by SVD, its 
performance is still not satisfactorily enough. In 
addition, we need to know some channel proper-
ties such as the autocovariance matrix of channel 
transfer function h.

Therefore, we combine traveling pilot and 
OMP algorithm to analyze channel estimation for 
802.11ah.

Figure 1. Pilot pattern when 32FFT, Nsts = 1.
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matrix design, and signal reconstruction algo-
rithm [9].

Sparsity aims to find an orthogonal basis matrix 
Ψ, which can make the signal representation in the 
orthogonal basis sparse or approximately sparse.

Measurement matrix design aims to find a meas-
urement matrix, which is steady and uncorrelated 
with the orthogonal basis so that the high dimen-
sional signal can be reduced to low dimensional to 
get fewer samples.

Signal reconstruction algorithm focuses on how 
to design a fast and effective way to reconstruct 
original signal from the reduced samples.

3.1 Signal sparsity

Consider a discrete signal x(n), n ∈ [1, 2, …, N]

x = Ψα (1)

According to Eq. 1, it can be represented by a 
linear combination of basis ΨT = [Ψ1, Ψ2, …, ΨN], 
where x and α are vectors with N dimensions, and 
Ψ is a N × N matrix. Ψ needs to make x K-sparse.

3.2 Measurement matrix design

The aim of measurement matrix design is to find 
a matrix Φ, which is M × N and uncorrelated with 
the basis Ψ.

y xΦ Φx =x Ψ Θα αΘ=  (2)

where y is called observation matrix which is actu-
ally a vector with M dimensions.

The process of recovering original signal from y 
is called signal reconstruction based on compres-
sive sensing. Candes claims that if  Θ satisfies the 
Restricted Isometric Property (RIP) [10], shown 
in Eq. 3, signals still can be recovered by OMP 
algorithm.

( ) 2
2δ δ) () () ( K((((K ))) x2

2
2
2

 
(3)

3.3 Signal reconstruction algorithm

The task of reconstruction algorithm is to recover 
signal x from observation matrix y.

First, we need to get the channel impulse 
response.

When the channel coherence time is much longer 
than the OFDM symbol period, it can be consid-
ered that channel impulse response is stable in one 
symbol period. So channel impulse response can 
be expressed as

h al
l

L
( )t a= ( )Tl sTT

=

−

∑
0

1
δ (t l−t

 
(4)

where TS is the sample interval, L is τmax/TS round-
ing up which equals the number of taps in discrete-
time channel model, and τmax is the largest delay 
of paths.

Define DFT matrix as
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where NW eNWW j n( ) −1 2 /n .
Meanwhile, define Fh = DFT(h) as a channel fre-

quency response, NT as time domain noise, and NF 
as frequency domain noise. Define X = DFT (x), 
then we can derive the signal at receiver

Y DFT X h N XFhX NT FN XFhXX NXDFT + NNN +( (IDFT( (IDFTIDFT ) )h  (5)

Define E e eS Se SnS( ,eS , , )
1 2S SSSS  as pilot selection 

matrix, which is used to extract pilots from signal 
Y at receiver. X is a N × N matrix. Sn means the 
pilot position in DFT matrix, eSn is a N × 1 vector, 
so Sn is N × N. And Fh is N × 1. After selection, 
response at pilot points is

Y XEFX h NFp pYY h N FXEFX hFFXEFXX hFF
 

(6)

As the receiver knows original pilots sent by 
transmitter, the impulse response at the pilot points 
can be described as

ˆ = = + = Φ +′ ′P p p pF pFH Y X EFh N h N
 

(7)

where Φ is measurement matrix. As E and F have 
been known by receiver, Φ can also be calculated. 
Then, we derive channel response h.

The key procedures of OMP algorithm are as 
follows:

Aim: Calculate the position where the transvec-
tion of measurement matrix and residual is largest 
through K times’ iteration.

Input: observation y, residual r = y, sparsity K 
and measurement matrix Φ.

Output: position index set Λ and corresponding 
value S.

Procedure:

1. Define i as current iteration number, set initial 
value: residual r0 = y, index set Λ = ∅.

2. find the index λi which satisfies λi = argmaxk 
|<ri−1, ϕk >|, where i is the current iteration 
number, and k is the number of column of Φ.

3. update Λ Λi iΛ i−1 ∪ λii, and add one column 
to Φsub from Φ according to Λi which can be 
described as Φsub = ΦΛi.
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4. solve z = argmin ||Y − ΦsubS|| = Φ†
subY, by the least 

square method, † indicates pseudo-inverse
5. calculate residual ri = Y − Φsubz; if  i < K, return 

to step (2); if  i = K, go to next step
6. obtain an estimate for the original signal.

4 SIMULATION AND RESULTS

We performed computer simulations to evaluate the 
model. Our system uses 1 MHz bandwidth with 32 
sub-carriers. Channel model is SISO multiple-path 
model: Pedestrian A which has Doppler shift on 
its fourth path [11]. The parameters of the model 
is as follows:

PDP Pedestrian A

# of paths 4

Relative path 
power (dB)

Delay (ns) 0  0
 −9.7 110
−19.2 190
−22.8 410

We combined LTF (Long Training Field) and 
traveling pilot for channel estimation.

Figure 2 depicts the normalized MSE which is 
defined as

( ) ( )
( )

2

2

ˆE

E

−
=

∑
∑

i

i

H i H i
MSE

H i
 

(8)

We simulated the performance of OMP, LS, 
and MMSE estimate under SNR ranging from 0 
to 30 dB.

First, MSE of three algorithms are all reduced 
during the increase in the training sequence length. 
Meanwhile, the mean square error of OMP algo-
rithm is about 6 dB less than that of LS estimate. 
Although the MSE of MMSE estimate is lower 
than OMP algorithm, the complexity is sacrificed. 
Setting the number of sub-carriers to N, the number 
of pilot to P, the signal length to L, and the sparsity 
to K, the total computation complexity of MMSE 
is 5N4 + N3 + 6N2 − N [12]. The complexity of OMP 
algorithm is O(LK2). The number of iteration D 
in the OMP is approximately equal to the sparsity 
K. Even though we have to make a pseudo-inverse 
operation during each iteration, the number of 
pseudo-inverse operation just increases from 1 to 
D which will not be too large. If  some fast pseudo-
inverse computing methods can be used, the com-
plexity will be lower. The LS estimate requires two 
times of inverse operation of P-order matrix, and its 
complexity is O(P3). Because the number of pilots 
is much larger than the sparsity, when we use few 
pilots, the complexity of LS and OMP are approxi-
mately the same; when we use massive pilots, the 
complexity of LS estimate is much higher than 
OMP algorithm. In conclusion, the performance 
of OMP algorithm is the best.

Figure 3 shows the BER performance of OMP 
algorithm and LS estimate. It is seen that the BER 
performance of OMP is much better than LS esti-
mate. We know that the ratio of traveling pilot in 
OFDM symbols is pretty low. It can be only 1/13, 
for example, in 32FFT. Therefore, compared with 
OMP algorithm which uses sparse matrix to accu-
rately recover part of impulse response in low SNR, 
LS estimate has higher BER due to deficiency of 
noise reduction and interpolation. Meanwhile, the 

Figure 2. MSE performance comparison between 
OMP, LS, and MMSE.

Figure 3. BER performance comparison between OMP 
and LS.
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BER performance of LS estimate has had the 
trend to be flat when SNR is 30 dB.

5 SUMMARY

In this paper, we mainly discuss channel estima-
tion methods for 802.11ah protocol. We present a 
channel estimation method which combines com-
pressive sensing and traveling pilot so as to utilize 
their own advantages. The simulation result shows 
that, compared with other interpolation algo-
rithms, OMP algorithm can utilize the advantage 
of traveling pilot pattern effectively which gets the 
best performance.
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ABSTRACT: This paper details the method of connecting the embedded development board Nuvoton 
N32926 to the Ethernet using the LwIP protocol stack based on the RT-Thread system. It focuses on 
analysis and implementation of the N32926’s network control and the design and implementation of the 
network card RTL8201 driver, and then it tests the Network Communication function of the system. The 
test results show that the embedded devices have the ability of network communication.

Keywords: Nuvoton N32926; RT-thread; LwIP; RTL8201

receiving network data. It also provides an Eth-
ernet MAC Controller (EMC) for WAN/LAN 
application. This EMC has its DMA controller, 
transmission FIFO, and reception FIFO.

The software environment is the RT-Thread 
operating system. RT-Thread is a real-time operat-
ing system with open source code. It is designed 
at object-oriented style and implemented with C 
language. Its outstanding features include small 
volume, efficient, and can be cut easily. The core is 
so small that it occupies only 2.5 kb of ROM and 
1 kb RAM space. Overall system block diagram is 
shown in Figure 1.

1 INTRODUCTION

With the development of network and technology 
based on embedded system, an increasing number 
of embedded devices are required to achieve the 
function to communicate with Internet. The prob-
lem lies in the realization of TCP/IP stack of 
embedded devices. Although the complete TCP/
IP is powerful, it is too huge to be transplanted 
to the embedded devices. The TCP/IP protocol of 
embedded devices must be concise, transplantable, 
and reducible.

LwIP (A Lightweight TCP/IP Protocol) is an 
embedded TCP/IP stack with advantages of full 
functionality, free code, and can be transplanted 
easily. It occupies only around tens of kb of RAM 
and 40 kb of ROM, which makes it a perfect choice 
for embedded devices.

RT-Thread is a widely used embedded operating 
system with LwIP as the TCP/IP protocol stack. 
Based on the RT-Thread transplanted in Nuvoton 
N32926 development board, this paper describes 
the method of designing the network card driver 
and providing the ability of network communica-
tion for system with the LwIP protocol stack. And 
finally the system is proved capable to communi-
cate with Internet.

2 SYSTEM PLATFORM

The hardware platform of the system adopts 
Nuvoton N32926. The N32926 development 
board is built on the ARM926EJ-S CPU core and 
integrated with network card RTL8201F, which 
meets the physical layer’s need while sending and Figure 1. System block diagram.
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3 LWIP IN RT-THREAD

RT-Thread uses an independent double-thread 
structure for the Ethernet data transceiving. LwIP 
protocol stack in the system runs as follows.

rt_hw_emac_init() initializes the network 
device, and function of rt_device_init_all () is to 
initialize all devices that are registered in object 
manager, but have not been initialized yet.

3. Initialize LwIP and create LwIP main thread. 
This part is accomplished in lwip_sys_init () 
interface.

4 DESIGN AND IMPLEMENTATION 
OF NETWORK CARD DRIVER

In RT-Thread, the device is considered to be a kind 
of object. Each device object derives from the base 
object. That means device can inherit the proper-
ties of his father class objects and derives its pri-
vate properties. The RT-Thread system provides 
a simple I/O device management framework, and 
upper layer applications get the right device driver 
through the device operation interface and finish 
the data interaction with the underlying hardware 
with the device driver.

The RTL8201F network card driver is responsi-
ble for device initialization and data transmission 
and reception. The following table is the main 
interface it provides to the upper layer.

First of all, a new device structure inher-
ited from struct eth_device needs to be defined. 

Table 1. Interfaces RTL8201F driver provides.

Function Interfaces driver provides

Device initialization static rt_err_t
rt_emac_init(rt_device_t dev)

Device close static rt_err_t
rt_emac_close(rt_device_t dev)

Receiving data struct pbuf*
rt_emac_rx(rt_device_t dev)

Sending data rt_err_t rt_emac_tx(rt_device_t
dev, struct pbuf* p)

Network driver 
interface

void rt_hw_emac_init()

Card receiving 
interrupt processing

void MAC0_Rx_isr(int vector, 
void *param)

Figure 2. The overall framework of LwIP operation.

Figure 3. Equipment operation interface and its driver.

Function rt_application_init () is the entrance 
of user program in RT-Thread system, it initializes 
the user’s application threads, and once the sched-
uler is opened, user thread will be implemented. It 
also starts the init_thread thread where LwIP pro-
tocol stack is called as follows:

#ifdef RT_USING_LWIP
{

extern void lwip_sys_init(void);
eth_system_device_init();
rt_hw_emac_init();
rt_device_init_all();
lwip_sys_init();

}
#endif

The four functions called above correspond to 
core steps when using LwIP in RT-Thread:

1. Create transceiving threads. In eth_system_
device_init(), two mailboxes (erxmb, etxmb) 
and two threads (erx, etx) are created. Erx 
thread is blocked in receiving mailbox erxmb, 
once waked up, it will get the Ethernet message 
actively and inform the main LwIP thread in the 
form of mailbox. Etx thread is blocked in the 
sending mailbox etxmb, the sending operation 
of upper layer will wake up the etx thread by the 
mailbox for the actual Ethernet sending.

2. Call network card initialization function and 
register network card device. The interface 
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The structure emac_device in the RTL8201F driver 
is defined as follows:

struct rt_macb_eth
{

struct eth_device parent;
rt_uint8_t dev_addr[MAX_ADDR_LEN];

};

rt_emac_init (rt_device_t dev) is a device initial-
ization function. RTL8201F is initialized after the 
CPU configuration of internal Network Control 
Register (NCR) and interrupt registers. The ini-
tialization process includes software reset, setting 
network working mode, setting the PHY, selecting 
mode, enabling the RX/TX interrupt, enabling data 
receiving function and so on. And in rt_emac_close 
(rt_device_t dev), function EMAC_Exit () is called 
to close the device.

LwIP supports many network interfaces. Each 
network interface corresponds to a struct netif, 
which contains transceiver functions correspond-
ing to the network interface. The LwIP receives 
and sends Ethernet packets by calling netif->input 
() and netif->output (), while rt_emac_rx () and rt_
emac_tx () are the actual interfaces it finally calls. 
Rt_emac_rx () is responsible for receiving Ethernet 
data and packing it into structure that LwIP can 
recognize. The main purpose of rt_emac_tx() is to 
pack the data to be sent into the structure that net-
work card can recognize and then send the data, 
this function realizes the real process of packet 
transmission.

RT-Thread maintains a linked list for all devices. 
A device has to register to the list before it can be 
visited by the upper application. Therefore, eth_
device_init() should be called in the network driver 
interface rt_hw_emac_init () to initialize the net-
work card device, add the name, IP, subnet mask, 
gateway, transceiver functions for the network card, 
and finally register the network card to the system.

The receiving thread erx blocks in mailbox 
erxmb, when the Ethernet hardware device receives 
network packets and generates interrupt, interrupt 
service MAC0_Rx_isr () should call eth_device_
ready () to send mail to erxmb mailbox to wake 
up erx thread, then erx thread will get the Ethernet 
packets actively.

5 TEST

The development board IP address is set to 
192.168.1.170 and connected to the same network 
segment with PC whose IP address is 192.168.1.108. 
First of all, ping the IP address 192.168.1.170 in the 
PC machine, it turns out that the packets PC sends 
are all received, as shown in Figure 4. The average 
of return time is 0 ms and the packet loss rate is 0, 

which means the LwIP protocol stack has been 
run successfully. Second, start UDPClient thread 
in RT-Thread and send data “this is UDP Client 
from RT-Thread” to socket 192.168.1.108:8080. 
The data are received correctly by PC, which 
proves that the embedded development platform 
has the ability of sending data to Internet. Lastly, 
start UDP Server thread in RT-Thtread and wait-
ing for client on port 8080. Using software Net 
Assistant, PC sends data “this is an udp data from 

Figure 4. Result of ping test.

Figure 5. UDP Server and client test.

Figure 6. Result of test in net assistant.
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PC” to socket 192.168.1.170:8080. The data are 
also received correctly; results of tests are shown in 
Figures 5 and 6. So far, send and receive abilities of 
development have all been proved.

6 CONCLUSION

This paper discusses how to realize the function of 
network communication in ARM9 embedded sys-
tem using RT-Thread. It analyzes the mechanism 
of LwIP module in the system and puts emphasis 
on realization of RTL8201F network card driver. 
Finally, it proves that the embedded equipment 
accesses Ethernet successfully by some tests.
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The hardware decoding implementation of video surveillance based on 
Android system
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ABSTRACT: In order to achieve mobile video surveillance, this paper proposes a video surveillance 
system based on an Android phone. The paper takes Android system as the platform, presents a real-
time communication solution of a high quality video. Android application calls the data transmission 
library and video codec library through the JNI interface and uses the hardware decoding technology to 
decode the video. The decoding efficiency has been greatly improved, and the video becomes much clear 
and smoother. This paper tested the video surveillance terminal in the WLAN (Wireless Local Area 
Network) environment to achieve the goal of using Android phone for mobile video surveillance.

Keywords: hardware decoding; video surveillance; Android system; WLAN

1 INTRODUCTION

Nowadays, the demand of family users for home 
surveillance and security is increasing day by day. 
As an important part of safety protection, video 
surveillance system plays an important role in the 
security assurance and crime prevention. Now, 
users put forward higher requirements on the qual-
ity of video. They tend to be more high definition 
video, and more high processing capacity for ter-
minal equipment. Traditional video surveillance 
is realized by software decoding technology based 
on the CPU to decode the video, and it can only 
play a low resolution video. The demand of reso-
lution and the decoding computation for the video 
is higher which greatly consume the CPU opera-
tion ability. This leads to that the video doesn’t 
play smooth. It has failed to meet people’s vision 
requirements. With the development of the hard-
ware chip technology, a lot of processor chips have 
gained hardware decoding capability. Hardware 
decoding technology significantly reduces the CPU 
usage and improves the video decoding speed. 
Therefore, the CPU can be released from the heavy 
video decoding operation, and the equipment has 
the capability of smoothly playing HD video.

This paper introduces a kind of video surveillance 
system based on Android phone terminal, which 
combines video hardware decoding technology with 
mobile multimedia technology, truly realizing mobile 
video surveillance. Among them, H.264 standard 
with its outstanding coding efficiency, network 
adaptability and error recovery ability has become 
a mainstream video coding format. In addition, the 

popularity of Android phone together with high-
speed mobile broadband provides a platform. On 
this platform we can develop a lot of applications, 
which makes the use of Android phone to watch 
surveillance video possible.

2 THE INTRODUCTION OF ANDROID 
DEVELOPMENT

2.1 Android system architecture 

Android system uses integrated strategy ideas, its 
operating system architecture is divided into four 
layers. From top to bottom consequence, they are 
the application, the application framework, core 
class libraries, and the Linux kernel, which also 
includes the Android operating environment in the 
third layer.

2.1.1 Application layer
Application is a program written in the Java lan-
guage running in a virtual machine. Android itself  
contains some of the core application, and devel-
opers can also develop more distinctive Android 
applications on this basis.

2.1.2 Application framework layer
Android application development is based on the 
framework and components. In the layer, devel-
opers have all the permissions to access the API 
framework, thus simplifying the application devel-
opment architecture design and improving the effi-
ciency of application development greatly.
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2.1.3 Core class libraries layer
Core class libraries include the standard C library, 
media function library, 2D and 3D graphics library, 
the browser engine and the SQLite engine. The 
developers who use these functions find it conven-
ient to develop the application program interface 
and shorten the development process greatly.

2.1.4 Linux kernel layer
Android platform is based on the optimized Linux 
version 2.6.23 kernel to develop. The kernel layer 
is located between the hardware and the software 
layer as a virtual intermediate layer used to provide 
system services.

2.2 Android NDK and JNI technology

Android NDK is a set of integrated tool compo-
nents based on C/C++ bottom development of 
API, designed to help developers to quickly 
develop C/C++ dynamic library. Developers sim-
ply need to modify the Makefile to create the 
dynamic library, which greatly reduces the packing 
work. In addition, the native C/C++ file compiled 
by the Android NDK cannot be used directly in 
Java; it is required by the Java code embedded in 
the native C/C++  — using the native code through 
the JNI (Java Native Interface).

2.3 H.264 standard

In the network video surveillance system, video 
compression is very necessary and important 
work. The network transmission system is unable 
to bear the massive data without compression. 
H.264 is currently the most advanced video com-
pression algorithm, which consists of video cod-
ing layer VCL and the network abstraction layer 
NAL. The H.264 standard has improved cod-
ing efficiency and image quality and adapted to 
various network environments. It is very suitable 
for the requirement of mobile video surveillance 
of high compression rate and complex network 
environment.

3 THE FRAMEWORK OF VIDEO 
SURVEILLANCE SYSTEM

The system is mainly to achieve video surveillance 
of the Android mobile phone through the WLAN. 
Video surveillance system is composed of collec-
tion terminal, router and Android client. All of 
them are connected to the WLAN via WIFI, as 
is shown in Figure 1. The collection terminal is 
responsible for collecting video data, H.264 image 
compression and RTP (Real Time Protocol) slices 
packaged; through the router sends H.264 video 

data packets to the Android client; the Android cli-
ent needs to provide the intuitive video operation 
interface for users, mainly to complete the H.264 
video data decoding and display.

4 VIDEO HARDWARE DECODING 
IMPLEMENTATION

4.1 Multithreaded design

Receiving and decoding video data are a complex 
and ongoing process. The system is affected when 
one process is blocked. Therefore the client needs to 
use multiple threads to achieve the parallel process-
ing of the data receiving and video  decoding. In 
the whole process of running program, the main 
thread is responsible for screen refresh work in 
response to user operation, and creates two sub 
threads: data receiving and video decoding. The 
process is shown in Figure 2.

4.2 Hardware decoder

At present, Android system does not provide any 
corresponding API interfaces to achieve hardware 
decoding of the H.264 stream. While the soft-
ware decoding method will lower the efficiency of 
image processing. This paper achieves the Android 
H.264 hardware decoder by using the libstagefrigt 
dynamic library which is in the Android libraries 
layer. The H.264 hardware decoder is programmed 
in C language which need to be compiled to 
dynamic library by the Android NDK. Then the 
JAVA code of the Android upper layer calls the 
dynamic library by using the JNI technology.

4.3 Decoding process

4.3.1 Initialization
The first step initializes the decoder and sets 
the relevant information of components by the 
decode_init function before decoding, such as 
the decoder type, the PPS and SPS parameters of 
the bit stream, the resolution of the image which is 
to be decoded and so on. The second step creates a 
hardware decoder by the Create function and finds 

Figure 1. System framework.
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the related hardware decoder by the find CString 
function. OMXClient is a client that requests 
OMX IL for decoding work. If  the decoder is cre-
ated successfully, it will connect to the OMXClient. 
The third step creates an input queue. An input 
queue is opened by the in_queue function during 
initialization. Then the video stream to be decoded 
is sent into the input queue waiting for decoding.

4.3.2 Decoding
After the initialization of the hardware decoder, 
the decode_frame function is used to start the 
video decoding operation. Firstly, the video data 
that will be decoded in the Frame buffer is copied 
to the indummy_buf buffer through the memcpy 
function. After that, the video data is sent to the 
input queue to wait for decoding which will trigger 
a decoding thread. When the decoding thread is 
open, it will monitor whether the data is sent 
into the input queue. If  there is data passed in, 
hardware decoder will be called for video decod-
ing. After that, the decoded video data is sent into 
the buffer and ready to display.

4.3.3 Display
Decoded video data needs to be rendered before 
display. A rendering interface mVideoRenderer 
is created in the render_init function. Then 
decoded video data is sent into the mVideoBuffer 
to be rendered by the mVideoRenderer function. 
Finally, the mNativeWindow function is used 
to play the rendered video data. The rendered 

video data will be played by the mNativeWindow 
function.

5 EXPERIMENTAL ANALYSES

Currently, the system has been tested in the lab-
oratory. Android client terminal is installed on 
Android phone, through the WIFI access to the 
WLAN to establish a connection with the collec-
tion terminal. Android phone receives 30fpsVGA 
format H.264 video data. The traditional software 
decoding of  the video display interface is shown 
in Figure 3 and the hardware decoding of  the 
video display interface is shown in Figure 4. From 
these two figures, we can know that the hardware 

Figure 2. Sub-thread processing graph.

Figure 3. Display interface.

Figure 4. Display interface.
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decoding technology improves the decoding effi-
ciency and makes video images smoother, realiz-
ing the real-time video surveillance for Android 
phone.

6 CONCLUSIONS

According to video decoding performance require-
ments of the video surveillance system, this 
paper has implemented the video hardware decod-
ing technology in Android system. Finally, the 
software was successfully running in the Android 
platform. It proved that this system can be used for 
video surveillance in the Android terminal, which 
has great practical value and application prospect.
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