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Green Synthesis of Silver Nanoparticles
Using Latex Extract of Thevetia Peruviana:
A Novel Approach Towards Poisonous
Plant Utilization

Ni Nyoman Rupiasih, Avinash Aher, Suresh Gosavi
and P.B. Vidyasagar

Abstract The development of green synthesis of nanoparticles has received
increasing attention due to ease of preparation, less chemical handling and of eco-
friendly nature. It is of considerable importance to expand their biological appli-
cations. Currently, a variety of inorganic nanoparticles with well-defined chemical
composition, size and morphology have been synthesized by using different
microorganisms, fungus, plant extracts and their applications in many cutting-edge
technological areas have been explored. In the present study, silver nanoparticles
(AgNPs) were successfully synthesized from AgNO3 through a simple green
synthesis route using the latex of Thevetia peruviana as reducing as well as capping
agent. Synthesized silver nanoparticles were characterized using UV-Vis spectro-
photometer, FTIR, SEM-EDS, XRD and HRTEM. UV-Vis spectra showed
absorption at 570 nm with a shoulder at 395 nm. FTIR spectra analysis confirmed
the functional groups involved in the silver nanoparticles formation. X-ray dif-
fraction pattern of silver nanoparticles exhibited the diffraction angle at 34.48°,
40.12° and 45.39° which is corresponding to (222), (400) and (420) Braggs
reflection planes respectively with interplaner spacing of 2.59 Å obtained by
HRTEM. TEM analysis showed the particles are spherical in nature with its size
distribution between 10 and 30 nm.
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1 Introduction

Recently, the applications of nanoscale materials and structures have attracted great
attention in nanoscience and nanotechnology. Nanoparticles are often referred to
particles having one or more dimensions ranging from 1 to 100 nm and can be
composed of different base materials. They do occur both in nature and as a result
of industrial processes. They can exist in single, complex, aggregated or agglom-
erated forms with spherical, tubular and irregular shapes.

Nanoparticles exhibit completely new or improved properties compared to their
bulk counterparts. These novel properties are derived due to the variation in specific
characteristics such as size, distribution and morphology of the particles [1–3]. The
two main reasons that materials at nano scale can have different properties are
increased relative surface area and quantum size effects [4]. Nanoparticles have
much greater surface area to volume ratio than their bulk forms, which can lead to
greater chemical reactivity and affect their strength. Also at the nano scale, quantum
effects can become much more important in determining the materials properties
and characteristics, leading to novel optical, electrical and magnetic behaviours [4].
Technologically nanomaterials are resources designed at the molecular (nano meter)
level to take advantage of their small size and novel properties which are generally
not seen in their conventional, bulk counterparts.

The emergent properties of the nanoparticles have its potential for great impacts
in electronics, medicine and other fields. In medicine, nanoparticles delivery sys-
tems had been used for tumor targeting [5]. The specific surface area is relevant for
catalytic activity and other related properties such as antimicrobial activity [2]. As
the specific surface area of nanoparticles is increased, their biological effectiveness
can also increase on the account of a rise in surface energy. Gupta et al. reported
that in cotton fabrics, silver nanoparticles show biocidal action against the bacteria
E. coli, which is showing great potential to be used as an antiseptic dressing or
bandage, which is in high demand for biomedical applications [6].

Nanoparticles with controlled size and composition are of fundamental and
technological interest as they provide solutions to technological and environmental
challenges in the areas of solar energy conversion, catalysis, medicine and water
treatment. Global warming and climate change have induced a worldwide aware-
ness and efforts to reduce generated hazardous wastes. Thus, “green” chemistry and
chemical processes are progressively being integrated in science and industry for
sustainable development [7, 8]. One of them is synthesis of nanoparticles by bio-
logical process which is implemented to develop safe, cost-effective and environ-
mentally friendly technologies [7].

There are various methods, including physical and chemical which have been
developed to prepare metal nanoparticles, such as chemical reduction [9], electro-
chemical, photochemical reduction, heat evaporation [10] and very recently via
green chemistry route [10, 11]. Although physical and chemical methods are more
popular in the synthesis of nanoparticles, the use of toxic chemicals are toxic
enough to pollute the environment if large scale nanoparticles are produced.
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It greatly limits their biomedical applications, in particular in clinical fields. Also,
these methods are quite expensive due to low material conversions, high energy
requirements, difficult and wasteful purifications [11]. Therefore, development of
reliable, nontoxic and eco-friendly methods for synthesis of nanoparticles is of
utmost importance to expand their biomedical applications as well as saving the
environment. Thus, among biosynthetic methods employing biological things such
as microorganisms or plant extracts have emerged as a simple, clean, eco-friendly,
nontoxic and viable alternative to physical and chemical methods.

A great deal of effort has been put into the biosynthesis of inorganic material,
especially metal nanoparticles using microorganisms and plants [1, 2, 12]. Bio-
synthesis methods are methods that use biological systems to synthesize nanopar-
ticles. So far, different biological resources including herbal extracts [11–13],
microalgae [14], fungus [3, 15] and bacteria [2, 16, 17] have been used for synthesis
of metal nanoparticles. The use of plant extracts for the synthesis could be more
advantageous, because it does not require elaborate processes such as intracellular
synthesis and multiple purification steps or the maintenance of microbial cell cul-
tures [7, 11, 12].

Up to now, metallic nanoparticles are mostly prepared from noble metals such as
Ag, Pt, Au and Pd, among those; silver (Ag) is the metal of choice in the field of
biological system, living organisms and medicine [18]. Among inorganic antibac-
terial agents, silver has been employed most extensively since ancient times to fight
infections and control spoilage. The antibacterial and antiviral actions of silver,
silver ion and silver compounds have been thoroughly investigated [19].

Gardea-Torresdey et al. first reported the formation of gold and silver nano-
particles by living plants [20, 21]. Their synthetic protocol by plant extract or
biomass exemplifies the promising application of the green synthesis of metal
nanoparticles. Recent research reported that silver nanoparticles have been syn-
thesized using various natural products like green tea (Camellia sinensis), neem
(Azadirachta indica) leaf broth, natural rubber, starch, aloe vera plant extract,
lemongrass leaves extract, etc. [11, 13]. The shape and size of the nanoparticles
synthesized using plants can be controlled and modulated by changing and con-
trolling the pH of the solution [2]. The reduction of silver ions (Ag+) in aqueous
solution generally yields colloidal silver with particle diameters of several
nanometers.

Studies have indicated that biomolecules like protein, phenols and flavonoids not
only play a role in reducing the ions to the nanosize, but also play an important role
in the capping of the nanoparticles [22]. The reduction of Ag+ ions by combinations
of biomolecules found in these extracts such as vitamins, enzymes/proteins, organic
acids such as citrates, amino acids and polysaccharides [22–24] is environmentally
benign, yet chemically complex.

Medicinal herbs are the local heritage with global importance. It has curative
properties due to the presence of various complex chemical substances of different
composition, which are found as secondary plant metabolite in one or more parts of
the plants [7, 8, 11, 25]. These plant metabolites according to their composition are
grouped as alkaloids, glycosides, corticosteroids, essential oils, etc.
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Thevetia peruviana is an ever-green ornamental dicotyledonous plant that
belongs to Apocyanaceae family. It is native of tropical America especially Mexico
and West Indies and a close relative to Nerium oleander. It has naturalized in
tropical regions [26, 27].

The whole plant contains a milky juice (white latex) containing a compound
called thevetin that is used as a heart stimulant but in its natural form is extremely
poisonous. It is poisonous owing to the presence of cardiac glycosides or cardiac
toxins, which acted directly in the heart [26–28]. Ingestion of these plant parts could
lead to death [26, 27]. The seed contains oil with high content of fatty acid. It is
believed that Thevetia oil is rich in antioxidants with some specific components of
vitamin E groups [27]. It is cultivated as ornamental tree standards in gardens and
parks in temperate climates [29]. In the West Indies half a leaf is known as an
emetic and purgative. In Java, Indian immigrants are reported to smoke using the
dried leaves. Tincture of bark is also emetic and purgative and has been used as a
febrifuge, but tests with bark and fruit extracts have proved inactive against avian
malaria. In Indonesia it is reported being used as a fish-poison [30].

The present study demonstrated method for the synthesis of silver nanoparticles
by the reduction of aqueous silver ions using latex from Thevetia peruviana, a
poisonous as well as medicinal herbs plant [29]. It resulted in the extracellular
formation of silver nanoparticles at room temperature which was further harvested
by centrifugation and simple natural dried.

2 Materials and Methods

2.1 Preparation of Latex Extracts

Fresh fruits of Thevetia peruviana were collected, washed thoroughly 2–3 times
with tap water, continuously rinse with distilled water, and used for the extraction.
Milky white latex was obtained by cutting the green stems of the fruits. 100 ml of
distilled water was added with 100 µl of fresh latex extract, mixed gently and
filtered through Whatman No.1 filter paper. The solution was stored at 4 °C for
further used.

2.2 Synthesis of Silver Nanoparticles

A 50 µl of aqueous solution of 1 M silver nitrate (AgNO3) was added into 10 ml of
latex extract solution and was kept at room temperature. The reaction of silver ions
with the extract solution leads to the formation of silver nanoparticles (AgNPs).
After around 6 h, the colour of the mixture turned into light purple and continuously
changed to purple–brown indicating the formation of silver nanoparticles.
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2.3 Characterization Techniques

UV-Vis absorption spectra were measured using JASCO V-670 UV-Vis spectro-
photometer in the wavelength range of 200–800 nm. The progress of reaction
between silver ions and the latex extract solution were monitored in extract solution
at different reaction time between 0 and 52 h. Energy Dispersive elemental analysis
is done with SEM-EDS (JEOL JSM 6360A). Crystalline nature of silver nano-
particles formed was examined by X-ray diffraction (XRD) analysis using X-ray
diffractometer (BRUKER AXS D8) with a Cu-Kα (λ = 1.54 Å) in the range of
20°–80°. Morphology and size of silver nanoparticles were investigated using
transmission electron microscopy (TEM) using TECNAI G2 20U-TWIN instru-
ment. FTIR spectrophotometer measurements were done using JASCO (FT/IR-
6100) spectrophotometer in the range of 400–4,000 nm.

3 Results and Discussion

Figure 1 shows the UV-Vis absorption spectra of silver nanoparticles (AgNPs)
synthesized using latex extract of Thevetia peruviana at different time interval. It
shows the characteristic of surface plasmon resonance (SPR) absorption band at
around 570 nm for silver nanoparticles (purple–brown solution). It is observed that
the intensity of SPR bands increases as the reaction time progresses from 0 to 44 h
and after 44 h of reaction time the SPR intensity is nearly constant indicating that the
reaction process is almost completed. The observed absorption spectra are broad in
nature with a tail at longer wavelength and a shoulder at around 395 nm indicating
the formation of polydispers AgNPs. Figure 1 also shows the red shifted band from
510 to 570 nm which occurred with increasing reaction time from 0 to 52 h.
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Fig. 1 UV-Vis absorption
spectra of silver nanoparticles
(AgNPs) synthesized at room
temperature using latex
extract of Thevetia peruviana
at different time: 0–52 h
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The strong absorption peak at around 230 nm observed indicated the presence of
several organic compounds which are known to interact with silver ions. Also an
absorption band observed at around 260 nm is attributed to the aromatic amino
acids of proteins. It is well known that the absorption band at 260 nm arises due to
electronic excitations of tryptophan and tyrosine residues in the proteins. This
observation indicates the release of proteins into solution by latex of Thevetia
peruviana and suggests a possible mechanism for the reduction of the silver ions
present in the solution.

Figure 2 shows representative EDS profile for synthesized silver nanoparticles.
The energy dispersive X-ray analysis reveals strong signal in the silver region and
confirms the formation of silver nanoparticles. There is also a strong signal for Si,
which due to Si (111) wafers which have been used as substrate to prepare thin film.
Other elemental signals are recorded possibly due to elements from enzymes or
proteins present within the latex of Thevetia peruviana.

A thorough study of the literature on Thevetia peruviana reveals that the major
components of the plants are protein, phenols, oil, mome inositol, Ethyl palmitate,
Ethyl linolenate and lesser amount of glycosides with the major components is
thevetin [28]. It has been reported by Zhou et al. [23] that the carbonyl groups from
the amino acid residues and peptides of proteins have a strong affinity to bind metals.
So that protein can act as encapsulating agent and thus protect the nanoparticles from
agglomeration. Thevetia oil contains high proportion of fatty acid and is known to be
rich in antioxidants with some specific components of vitamin E groups [27]. This
compound may also contribute to the reduction of Ag ions to silver nanosize.
Ascorbic acid (vitamin E) is a reducing agent and can reduce, and thereby neutralize,
reactive oxygen species leading to the formation of ascorbate radical and an electron.
This free electron reduces the Ag+ ion to AgO [22]. FTIR measurements were

Fig. 2 EDS spectrum of silver nanoparticles (AgNPs) synthesized at room temperature using latex
extract of Thevetia peruviana
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carried out to identify the possible biomolecules responsible for the reduction of the
Ag+ ions and the capping of the bioreduced silver nanoparticles synthesized by the
latex extract of Thevetia peruviana. The solution after complete reduction of Ag+

was centrifuged at 15,000 rpm for 10 min to isolate the silver nanoparticles free from
proteins or other compounds present in the solution. The representative spectra of
nanoparticles obtained as shown in Fig. 3 manifest absorption bands located at 3426,
1640, 1390, 1338, 1104, and 1030 cm−1. The absorption peak at around 1,030 cm−1

can be assigned as absorption peaks of –C–O–C– or –C–O–. The peak at around
1,640 cm−1 is assigned to the amide I bonds of proteins. The bonds or functional
groups such as –C–O–C–, –C–O– and –C=C– derived from heterocyclic compounds
and the amide I bond derived from the proteins which present in the extract are the
capping ligands of the nanoparticles [1, 11, 13, 22]. The band at 1,390 and
1,104 cm−1, as well as a strong band at 1,338 cm−1 indicating presence of amine
groups, as would be expected due to plant-origin of the samples. The peak at around
3,426 cm−1 was characteristic of –N–H stretching of amide I band [22].

Figure 4 shows the XRD patterns of natural dried silver nanoparticles synthe-
sized using latex of Thevetia peruviana. A number of Bragg reflections with 2θ
values of 34.48o, 40.12o and 45.39o sets of lattice planes are observed which may
be indexed to the (222), (400) and (420) faces of silver respectively. XRD pattern
thus clearly illustrates that the silver nanoparticles formed in this present synthesis
are crystalline in nature and having Face Cantered Cubic crystal structure.

Figure 5 shows the TEM micrograph of the silver nanoparticles synthesized by
latex of Thevetia peruviana. Figure 5a is the representative TEM image of syn-
thesized silver nanoparticles. The morphology of the silver nanoparticles is found to
be predominantly spherical. The nanoparticles have two dominant size distributions
ranges such as 10–20 nm and 20–30 nm as shown in Fig. 5b, c shows HRTEM
image of silver nanoparticles. The fringe spacing is found to be 2.59 Å. These
results were in agreement with those reported by Kiruba Daniel et al. [1], Bar et al.
[11] and Ahmad et al. [22].
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Fig. 5 a Representative TEM image of silver nanoparticles (AgNPs) synthesized at room
temperature using latex extract of Thevetia peruviana. b Histogram of particle size distribution and
c high resolution transmission electron microscopy (HRTEM) image of silver nanoparticles
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4 Concluding Remarks

The rapid synthesis of silver nanoparticles (AgNPs) using latex extract of Thevetia
peruviana has been demonstrated. UV-Vis absorption spectra showed that silver
nanoparticles formed have characteristic of surface plasmon resonance (SPR)
absorption band at around 570 nm with a shoulder at around 395 nm. Also
observed, are strong absorption peaks at around 230 and 260 nm which indicate that
compound may play a role in reducing the silver ions to nanosize and in the capping
of the nanoparticles. This result corroborated with FTIR spectra obtained, con-
firmed that the functional groups are involved in silver nanoparticles formation. X-
ray diffraction pattern of silver nanoparticles exhibited the diffraction angle at
34.48°, 40.12° and 45.39° which is corresponding to (222), (400) and (420) Braggs
reflection planes respectively, with interplaner spacing of 2.59 Å obtained by
HRTEM image. TEM analysis showed the particles are spherical with size between
10 and 30 nm. The present green synthesis showed that the environment friendly
and renewable latex of Thevetia peruviana could be used as an effective capping as
well as reducing agent for the synthesis of silver nanoparticles. This eco-friendly
route for the synthesis is a challenging alternative to chemical synthesis.

References

1. Kiruba Daniel SCG, Kumar R, Sathish V, Sivakumar M, Sunitha S, Anitha Sironmani T
(2011) Green synthesis (Ocimum tenuiflorum) of silver nanoparticles and toxicity studies in
Zebrafish (Danio rerio) model. Int J Nanosci Nanotechnol 2(2):103–117

2. Gurunathana S, Kalishwaralala K, Vaidyanathana R, Deepaka V, Pandiana SRK, Muniyandia
J, Hariharana N, Eom SH (2009) Biosynthesis, purification and characterization of silver
nanoparticles using Escherichia coli. Colloids Surf B 74:328–335

3. Li G, He D, Qian Y, Guan B, Gao S, Cui Y, Yokoyama K, Wang L (2012) Fungus-mediated
green synthesis of silver nanoparticles using Aspergillus terreus. Int J Mol Sci 13:466–476

4. Buzea C, Pacheco CC, Robbie K (2007) Nanomaterials and nanoparticles: sources and
toxicity. Biointerphases 2(4):MR17–MR172. http://arxiv.org/ftp/arxiv/papers/0801/0801.
3280.pdf. Accessed 2 June 2013

5. Mohanraj VJ, Chen Y (2006) Nanoparticles—a review. Trop J Pharm Res 5(1):561–573
6. Gupta P, Bajpai M, Bajpai SK (2008) Investigation of antibacterial properties of silver

nanoparticle-loaded poly(acrylamide-co-itaconic acid)-grafted cotton fabric. J Cotton Sci
12:280–286

7. Gavhanel AJ, Padmanabhan P, Kamble SP, Jangle SN (2012) Synthesis of silver nanoparticles
using extract of neem leaf and triphala and evaluation of their antimicrobial activities. Int J
Pharm Bio Sci 3(3):88–100

8. Geethalakshmi R, Sarada DVL (2010) Synthesis of plant-mediated silver nanoparticles using
Trianthema decandra extract and evaluation of their anti microbial activities international.
J Eng Sci Technol 2(5):970–975

9. Guzmán MG, Dille J, Godet S (2009) Synthesis of silver nanoparticles by chemical reduction
method and their antibacterial activity. Int J Chem Biol Eng 2(3):104–111

10. Mukunthan KS, Elumalai EK, Patel TN, Murty VR (2011) Catharanthus roseus: a natural
source for the synthesis of silver nanoparticles. Asian Pac J Trop Biomed 1:270–274

Green Synthesis of Silver Nanoparticles … 9

http://arxiv.org/ftp/arxiv/papers/0801/0801.3280.pdf
http://arxiv.org/ftp/arxiv/papers/0801/0801.3280.pdf


11. Bar H, Bhui DK, Gobinda PS, Sarkar P, De Sankar P, Misra A (2009) Green synthesis of
silver nanoparticles using latex of Jatropha curcas. Colloids Surf A 339:134–139

12. Ponarulselvam S, Panneerselvam C, Murugan K, Aarthi N, Kalimuthu K, Thangamani S
(2012) Synthesis of silver nanoparticles using leaves of Catharanthus roseus Linn. G. Don
and their antiplasmodial activities. Asian Pac J Trop Biomed 2:574–580

13. Hudlikar M, Joglekar S, Kodam MDK (2012) Latex-mediated synthesis of ZnS nanoparticles:
green synthesis approach. J Nanopart Res 14:865

14. Singaravelu G, Arockiamary JS, Ganesh Kumar V, Govindaraju K (2007) A novel
extracellular synthesis of monodisperse gold nanoparticles using marine alga, Sargassum
wightii Greville. Colloids Surf B 57:97–101

15. Mishra A, Tripathy SK, Wahab R, Jeong S-H, Hwang I, Yang Y-B, Kim Y-S, Shin H-S, Yun
S-Il (2011) Microbial synthesis of gold nanoparticles using the fungus Penicillium
brevicompactum and their cytotoxic effects against mouse mayo blast cancer C2C12 cells.
Appl Microbiol Biotechnol 92:617–630

16. Husseiny MI, Abd El-Aziz M, Badr Y, Mahmoud MA (2007) Biosynthesis of gold
nanoparticles using Pseudomonas aeruginosa. Spectrochim Acta Part A 67:1003–1006

17. Natarajan K, Subbalaxmi Selvaraj V, Murty R (2010) Microbial production of silver
nanoparticles. Dig J Nanomater Biostruct 5(1):135–140

18. Yamini SudhaLakshmi G (2011) Green synthesis of silver nanoparticles from Cleome viscosa:
synthesis and antimicrobial activity. In: International conference on bioscience, biochemistry
and bioinformatics IPCBEE, vol 5. IACSIT Press, Singapore, pp 334–337

19. Parameswari E, Udayasoorian C, Paul Sebastian S, Jayabalakrishnan RM (2010) The
bactericidal potential of silver nanoparticles. Int Res J Biotechnol 1(3):044–049

20. Gardea-Torresdey JL, Parsons JG, Dokken K, Peralta-Videa J, Troiani HE, Santiago P, Jose-
Yacaman M (2002) Formation and growth of Au nanoparticles inside live Alfalfa plants. Nano
Lett 2:397–401

21. Gardea-Torresdey JL, Gomez E, Peralta-Videa E, Parsons JG, Troiani HE, Jose-Yacaman M
(2003) Alfalfa sprouts: a natural source for the synthesis of silver nanoparticles. Langmuir
19:1357–1361

22. Ahmad N, Sharma S, Singh VN, Shamsi SF, Fatma A, Mehta BR (2011) Biosynthesis of
silver nanoparticles from Desmodium triflorum: a novel approach towards weed utilization.
Biotechnol Res Int 2011:8pp

23. Zhou Y, Lin W, Huang J, Wang W, Gao Y, Lin L, Li Q, Lin L, Mingming D (2010)
Biosynthesis of gold nanoparticles by foliar broths: roles of biocompounds and other attributes
of the extracts. Nanoscale Res Lett 5:1351–1359

24. Szczepanowicz K, Stefańska J, Socha RP, Warszyński P (2010) Preparation of silver
nanoparticles via chemical reduction and their antimicrobial activity. Physicochem Probl
Mineral Process 45:85–98

25. Deepak V, Kalishwaralal K, Pandian SRK, Gurunathan S (2011) An insight into the bacterial
biogenesis of silver nanoparticles. In: Rai M, Duran N (eds) Industrial production and scale-up
chapter 2 metal nanoparticles in microbiology. Springer, Berlin, pp 173–214

26. Usman LA, Oluwaniyi OO, Ibiyemi SA, Muhammad NO, Ameen OM (2009) The potential of
oleander (Thevetia peruviana) in African agricultural and industrial development: a case study
of Nigeria. J Appl Biosci 24:1477–1487

27. Mathuravalli K, Eswara Lakshmi R (2012) Analysis of phytochemical components and anti-
microbial activity of the toxic plant—Thevetia peruviana. Indian J Innov Dev 1(2):97–101

28. SangodareRSA,Agbaji AS,DakareMA,UsmanYO,MagomyaA, Paul ED, IbraheemAS, Etim
NA, Ibrahim A, Aribido O, Shikeola O (2012) Investigation of the chemical constituent of
extracts of Thevetia peruviana seed using GC-MS and FT-IR. Int J Food Nutr Saf 2(1):27–36

29. Zibbu G, Batra A (2011) Thevetia peruviana (Pers.) Schum: a plant with enormous therapeutic
potential. J Pharm Res 4(12):4461–4464

30. Burkill HM (1985) Entry for Thevetia neriifolia Juss. (Family Apocynaceae) the useful plants of
West Tropical Africa. Jstor Plant Sci 1. http://Plants.Jstor.Org/Upwta/1_411. Accessed 9Oct 2012

10 N.N. Rupiasih et al.

http://Plants.Jstor.Org/Upwta/1_411


A Study on the Power Functions
of the Shewhart �X Chart via Monte Carlo
Simulation

M.B.C. Khoo

Abstract The Shewhart �X control chart is used to monitor shifts in the process
mean. However, it is less sensitive to small shifts. The Shewhart �X chart’s sensi-
tivity can be enhanced by reducing the width of the control limits, increasing the
subgroup size and using detection rules to enhance the chart’s sensitivity. However,
these actions will influence the power functions of the Shewhart �X chart. A prob-
ability table providing the probabilities of detecting shifts in the mean, calculated
using the formulae is recommended. However, the main setback is that the cal-
culations of the probabilities using the formulae are complicated, laborious and time
consuming. In this paper, a Monte Carlo simulation using the Statistical Analysis
System (SAS) is conducted to compute these probabilities. The probabilities
computed via Monte Carlo simulation are closed to that obtained using formulae.
Therefore, the Monte Carlo simulation method is recommended as it provides
savings, in terms of time and cost. In addition, the Monte Carlo simulation method
is also more flexible in calculating the probabilities, for different combinations of
the detection rules. The results obtained will enable practitioners to design and
implement the Shewhart �X chart more effectively.

1 Introduction

The control chart for monitoring process quality was introduced by Dr. Walter A.
Shewhart in the 1920s. Shewhart defined the product attributes, types of product
variations and proposed methods to collect, plot and analyze data [1].

The Shewhart �X control chart is an important tool in Statistical Process Control
(SPC). It detects assignable causes in process control so that process investigation
and corrective actions can be made before many defective products are produced [2].
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The main objective of applying the Shewhart �X chart is to prevent failure so that
production of low quality products will not occur. This enables cost savings and the
production of high quality products.

The Shewhart �X chart is powerful in detecting large process mean shifts but it is
slow in detecting small shifts. Many researches have been made by quality experts
to improve the Shewhart �X chart’s sensitivity. Some of these improvements include
the synthetic �X charts by [3–5], the sequential probability ratio test (SPRT) chart by
[6], and the time weighted control charts (see [7–9], to name a few). However, more
common approaches to increase the sensitivity of the �X chart are by increasing the
subgroup size, employing tighter control limits and applying sensitizing rules, such
as those by [10–13]. All these approaches influence the power functions of the
Shewhart �X chart. Tables showing the probabilities of detecting shifts in the mean,
computed using the formulae were presented by [14] to guide quality practitioners
to construct the Shewhart �X chart. In this work, a Monte Carlo simulation method is
given, where similar results are obtained. This research is motivated by the fact that
the Shewhart �X chart is the most widely used control chart among practitioners,
hence a good understanding of the power function of this chart enables the chart to
be used more efficiently in process monitoring.

This chapter is organized as follows: The Shewhart �X chart is discussed in
Sect. 2. In Sect. 3, the power functions of the Shewhart �X chart are presented. The
probability table of the power functions of the Shewhart �X chart is explained in
Sect. 4. Section 5 compares the performance between the probabilities obtained via
formulae and that computed using Monte Carlo simulation. Lastly, conclusions are
drawn in Sect. 6.

2 Shewhart �X Chart

The Shewhart �X chart is a times series plot which provides assistance in identifying
whether a process is in a state of statistical control. It is a variables control chart
with no memory since it uses only the recent data in its control statistics. Having
this property, the Shewhart �X chart performs well when we are interested in the
detection of large shifts. The Shewhart �X contains three crucial decision lines, i.e.,
the center line (CL), upper control limit (UCL) and lower control limit (LCL). UCL
and LCL are occasionally known as the “natural process limits” as they shows
threshold at which the quality characteristic of a process being monitored is
regarded statistically “unlikely”. The Shewhart �X chart is constructed based on
some statistical principles. As a common practice, the limits of the Shewhart �X chart
are taken as �3r from the CL. That is, the UCL is drawn þ3r above the CL
whereas the LCL is drawn �3r below the CL. The �3r limits are chosen to strike
a balance between the risk of the Type-I and Type-II errors. Here, the value of the
mean of the statistic is represented by the CL. All the plotted sample points on the
Shewhart �X chart are connected so that the quality practitioner can have a better
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view on how a process evolves over time. An out-of-control signal or action signal
will be given when a plotted point falls outside the UCL or LCL limit. When a
process has shifted, we wish to detect the assignable cause as soon as possible and
on the other hand, we wish to have a minimum rate of false alarms when the process
is in-control [8]. This is because a slow response to an out-of-control process can
cause quality deterioration and increase quality costs while too high false alarm
rates can give rise to unnecessary process adjustments and loss of confidence in the
control charting methods.

Assume that a quality characteristic is normally distributed with mean l and
standard deviation r. Here, both l and r are assumed known. If X1;X2; . . .;Xn is a
sample of size n, then the mean of this sample can be computed as [9]

�X ¼ X1 þ X2 þ � � � þ Xn

n
ð1Þ

and we know that �X is normally distributed with mean l and standard deviation
r�X ¼ rffiffi

n
p . The probability that any sample mean will fall between

lþ Za=2 �
rffiffiffi
n

p ð2aÞ

and

l� Za=2 � rffiffiffi
n

p ð2bÞ

is 1� a. Equations (2a) and (2b) can be taken as the UCL and LCL of the Shewhart
�X chart if l and r are known. To use the �3r limits, we can just simply replace the
Za=2 by 3.

When the sample mean falls outside these limits, the process mean is considered
as out-of-control. Corrective actions to search and eliminate the assignable causes
are taken so that the process returns to its in-control state again. Note that the above
results are approximately correct when the assumption of normality is violated due
to the central limit theorem. The values of l and r are usually unknown in real
situations and therefore, these parameters are required to be estimated from a set of
in-control historical Phase-I data. When estimates are used in place of known
parameters, at least 20–25 samples are required for generating better and reliable
estimations. Note that a revision of the control limits periodically is necessary to
ensure an effective use of the control chart.

A Study on the Power Functions of the Shewhart … 13



3 Shewhart �X Chart’s Power Functions

In the literature of statistical quality control, hypothesis testing is always used to
summarize an inference on the mean of a population which is given as:

H0 : l ¼ l0;

H1 : l 6¼ l0:
ð3Þ

[9] defined the power as

Power ¼ 1� b

¼ P reject H0jH0 is falsef g; ð4Þ

where β is the Type-II error probability. In industries, quality users employ a
control chart to prevent the production of defective outputs so that quality costs can
be minimized [10]. Hence, an in-depth understanding of the method that helps to
increase the power of a control chart in detecting process shifts is deemed
indispensable.

The calculation of the control limits and sample standard deviation involves the
subgroup size, n. So, n is one of the factors that can affect the power of a control
chart. The n is proportional to the power of a control chart. As n increases, the
power of a control chart increases and vice versa. However, using a large n is
impractical in the industrial setting as it will inflate the quality cost. The control
chart’s sensitivity in detecting process mean shifts can be enhanced via the appli-
cation of detection rules. Many authors have contributed to new methods on
detection rules (also known as runs rules). Recent works on detection rules, were
made by [11–15].

When more detection rules are used, the overall Type-I error probability is given
by [9, 16]. The overall Type-I error probability is expressed as

a ¼ 1�
Yr

i¼1

1� aið Þ; ð5Þ

where
α = probability of Type-I error,
r = number of detection rules used,
αi = probability of Type-I error of the ith rule, for i ¼ 1; 2; . . .; r.
The r detection rules in (5) are assumed to be independent of one another.
Based on the four detection rules given in Table 1, [14] had estimated the

occurrence of a Type-I error probability in the first k subgroups. The following
explains the four detection rules considered by [14]:
Rule 1 When one or more points fall beyond the +3σ control limit, a process is

declared as out-of-control.
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Rule 2 When 2 of 3 successive points fall in the same zone and these points are
between the þ2r and þ3r control limits, a process is declared as out-of-
control.

Rule 3 When 4 of 5 consecutive points fall in the same zone and these points are
beyond the þ1r control limit, a process is declared as out-of-control.

Rule 4 When 8 consecutive points fall in the same zone, either above or below
the CL, a process is declared as out-of-control.

The implementation of more detection rules will enhance the detection power of
a control chart but at the expense of inflating the probability of the overall Type-I
error.

4 Shewhart �X Chart’s Probability Tables

A detailed discussion regarding the formulae to compute the probabilities of several
combinations of detection rules applied on the Shewhart �X chart is provided in this
section. We will also describe the probability table proposed by [14].

4.1 Formulae and Computation of Probabilities
for the Power Functions

The following defines the symbols that will be used in this study:
k = number of subgroups.
PDS(k) = probability of detecting an off-target signal within k subgroups.
pk = probability of detecting an off-target signal at the kth subgroup.
Note that the subsequent discussions still consider the four detection rules

employed by [14] as described in Sect. 3.

4.1.1 Using Detection Rule 1

Let “e” represents the probability that an �X sample falls beyond the þ3r limit
(Fig. 1).

Wheeler [14] gave the following fundamental formula for the detection of an off-
target signal within k subgroups:
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PDS kð Þ ¼
Xk

i¼1

pi

¼ eþ e 1� eð Þ þ e 1� eð Þ2þe 1� eð Þ3þ � � � þ e 1� eð Þk�1

¼
Xk

i¼1

e 1� eð Þi�1

¼ 1� 1� eð Þk:

ð6Þ

The case discussed here is for the upper sided control chart.

4.1.2 Using Detection Rules 1 and 2

Let
e = the probability that an �X sample plots beyond the +3σ limit,
f = the probability that an �X sample plots between the +2σ and the +3σ limits,
g = the probability that an �X sample plots between the CL and the +2σ limit

(Fig. 2).
At least 2 subgroups are needed in performing the analysis if detection Rule 2 is

considered. We can use (6) to compute the probability, except for cases where k = 2
or more.

Fig. 1 Probabilities of an �X sample on the Shewhart �X chart, using detection Rule 1

Fig. 2 Probabilities of an �X sample on the Shewhart �X chart, using detection Rules 1 and 2

A Study on the Power Functions of the Shewhart … 17



For case k = 2, p2 and PDS(2) are [14]

p2 ¼ geþ feþ f 2 ð7Þ

and

PDS 2ð Þ ¼ p1 þ p2

¼ eþ geþ feþ f 2

¼ eþ f 2 þ f þ gð Þe:
ð8Þ

For case k = 3, p3 and PDS(3) can be expressed as [14]

p3 ¼ 2efgþ 2f 2gþ eg2 ð9Þ

and

PDS 3ð Þ ¼ p1 þ p2 þ p3

¼ eþ f 2 þ f þ gð Þeþ 2efgþ 2f 2gþ eg2

¼ eþ f 2 þ egþ ef 1þ 2gð Þ þ 2f 2gþ eg2:

ð10Þ

Using the same method, pk, for k = 4, 5, …, 10 can be obtained using the
following equations [14]:

p4 ¼ 3efg2 þ 2f 2g2 þ eg3: ð11Þ

p5 ¼ ef 2g2 þ f 3g2 þ 4efg3 þ 2f 2g3 þ eg4: ð12Þ

p6 ¼ 3ef 2g3 þ 3f 3g3 þ 5efg4 þ 2f 2g4 þ eg5: ð13Þ

p7 ¼ 6ef 2g4 þ 5f 3g4 þ 6efg5 þ 2f 2g5 þ eg6: ð14Þ

p8 ¼ ef 3g4 þ f 4g4 þ 10ef 2g5 þ 5f 3g5 þ 7efg6 þ 4f 2g6 þ eg7: ð15Þ

p9 ¼ 4ef 3g5 þ 4f 4g5 þ 15ef 2g6 þ 9f 3g6 þ 8efg7 þ 2f 2g7 þ eg8: ð16Þ

p10 ¼ 11ef 3g6 þ 10f 4g6 þ 21ef 2g7 þ 10f 3g7 þ 8efg8 þ 2f 2g8 þ eg9: ð17Þ

4.1.3 Using Detection Rules 1, 2 and 3

Let
e = the probability that an �X sample plots beyond the +3σ limit,
f = the probability that an �X sample plots between the +2σ and the +3σ limits,
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g = the probability that an �X sample plots between the +σ and the +2σ limits,
h = the probability that an �X sample plots between the CL and the +σ limit

(Fig. 3)
At least 4 subgroups are required in the analysis when using detection Rule 3.

The probabilities obtained are the same as the equations given in Sect. 4.1.2, except
for cases where k = 4 or more. When k ≥ 4, pk is obtained using the following
equations [14]:

p4 ¼ 3efg2 þ 6efghþ 3efh2 þ 3eg2hþ 3egh2

þ eg3 þ eh3 þ 3f 2h2 þ 4f 2ghþ 2f 2h2 þ g4 þ 4fh3:
ð18Þ

p5 ¼ 2ef 2ghþ 2f 3ghþ 12efg2hþ 14f 2g2hþ 16fg3h

þ 4eg3hþ 4g4hþ ef 2h2 þ f 3h2 þ 12efgh2 þ 6f 2gh2

þ 6ef 2h2 þ 4efh3 þ 2f 2h3 þ 4egh3 þ eh4:

ð19Þ

p6 ¼ 9ef 2gh2 þ 9f 3gh2 þ 30efg2h2 þ 20f 2g2h2 þ 10eg3h2

þ 16fg3h2 þ 4g4h2 þ 3ef 2h3 þ 3f 3h3 þ 20efgh3 þ 8f 2gh3

þ 10eg2h3 þ 5efh4 þ 2f 2h4 þ 5egh4 þ eh5:

ð20Þ

p7 ¼ 19ef 2g2h2 þ 18f 3g2h2 þ 24efg3h2 þ 25f 2g3h2

þ 15fg4h2 þ 6eg4h2 þ 3g5h2 þ 24ef 2gh3 þ 20f 3gh3

þ 60efg2h3 þ 28f 2g2h3 þ 20ef 3g3 þ 16fg3h3 þ 4g4h3

þ 6ef 2h4 þ 5f 3h4 þ 30efgh4 þ 10f 2gh4 þ 15eg2h4

þ 6efh5 þ 2f 2h5 þ 6egh5 þ eh6:

ð21Þ

Due to the complexity, the Monte Carlo simulation is employed in the computation
of the probabilities p8, p9 and p10.

Fig. 3 Probabilities of an �X sample on the Shewhart �X chart, using detection Rules 1, 2 and 3
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4.1.4 Using Detection Rules 1, 2, 3 and 4

When detection Rule 4 is considered, at least 8 subgroups are called for in the
analysis. Thus, the probabilities obtained are similar to that in the equations given in
Sect. 4.1.3, except for cases where k = 8 or more. Owing to the complexity of the
equations [14], reported that a total of 12,000 combinations are needed in the
computation for detecting a shift. For this reason, the Monte Carlo simulation
method is used in place of the formulae to calculate the probabilities for k = 8, 9
and 10.

4.2 Probability Tables

Wheeler [14] introduced a probability table obtained using the formulae. The
probability table provides the probability of detecting sustained process mean shifts.
The probability table includes four major characteristics defined as follows:

• Shift size:
The probability table provides a total of 11 sizes of shifts. They are 0.42σ,
0.67σ, 0.95σ, 1.25σ, 1.52σ, 1.72σ, 1.96σ, 2.16σ, 2.48σ, 2.75σ and 3.00σ.

• Number of subgroups, k:
The number of subgroups, k = 1 to k = 10 are shown in the probability table.

• Subgroup size, n:
Different subgroup sizes are indicated in the probability table of [14]. They are
n = 1 to n = 10, n = 12, n = 15 and n = 20.

• Detection rules:
The necessary probabilities are computed based on several combinations of
detection rules.

5 A Study on the Performance

The Statistical Analysis System (SAS) software is used in this study. The SAS
computer programs are developed according to the framework of the probability
table and the formulae (see also Sects. 4.1.1, 4.1.2, 4.1.3 and 4.1.4) given in [14], to
compute the probabilities of detecting a sustained mean shift within particular
number of subgroups following the shift. The results obtained are tabulated in
Tables 2 and 3.

As can be observed from Tables 2 and 3,

• the probability of detecting a shift in the process mean becomes larger as the size
of the shift increases, regardless of the values of n and k, and the combination of
the detection rules being used.
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• for all n, sizes of shift and combinations of the detection rules, the detection
probability within k subgroups rises as k increases.

• The implementation of more detection rules can increase the sensitivity of a
control chart, for any k, n and sizes of shifts.

A detailed comparison between Tables 2 and 3 shows that the probabilities in
Table 2 are generally less than the corresponding probabilities in Table 3. This
indicates that an increase in the subgroup size will result in an enhancement in the
power of a control chart, irrespective of the value of k, shift size and detection rules
being used.

The difference in terms of percentage is computed to enable us to make a more
meaningful comparison between Wheeler’s formulae method [14] and the Monte
Carlo simulation method. Each probability table is compared in terms of percent-
ages and the percentage difference can be computed as follows:

Difference in terms of percentage ¼ u� v
v

���
���� 100%; ð22Þ

where
u = probability obtained via Monte Carlo simulation,
v = probability calculated via formulae.
Tables 4 and 5 show the results for the percentage difference computed using

(22). From Tables 4 and 5, we can observe that the probabilities computed by
Monte Carlo simulation are quite closed to that obtained from the formulae
approach. The existence of differences in the probabilities between the two methods
are indicated by the boldfaced entries in Tables 4 and 5. It is very interesting to
point out that the differences in the probabilities between the two methods are small.
Indeed, for practical applications, the magnitude of these differences can be omitted.

6 Concluding Remarks

In SPC, the Shewhart �X chart is a very popular process monitoring tool. The
implementation of this chart is relatively simple. To enable a fast and effective
design and implementation of the Shewhart �X chart so that a more efficient system
of process monitoring can be achieved, Tables 2, 3, 4 and 5 are provided. In fact,
the approach by means of formulae is rather cumbersome. When detection Rule 4 is
considered (see Sect. 4.1.4), the computation becomes very complicated which
increases the chance of computation error. The findings of this study reveal that the
Monte Carlo simulation method can favorably replace the formulae approach given
by [14]. This is because the Monte Carlo simulation method allows the quality users
to calculate the probabilities of detecting a sustained process mean shift within
k subgroups, for the various detection rules more easily and quickly with the same
accuracy.

A Study on the Power Functions of the Shewhart … 25
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B-Spline Collocation with Domain
Decomposition Method and Its Application
for Singularly Perturbed
Convection-Diffusion Problems

Mas Irfan P. Hidayat, Bambang Ariwahjoedi
and Setyamartana Parman

Abstract Global collocation method using B-spline basis functions is shown to be
capable for solving elliptic partial differential equations in arbitrary complex
domains. The global B-spline collocation approach is effectively alleviating diffi-
culties commonly associated to B-spline based methods in handling such domains.
Nonetheless, the global method, which is simply reduced to Bezier approximation
of degree p with C0 continuity, has led to the use of B-spline basis of high order in
order to achieve high accuracy. The need for B-spline bases of high order is also
more prominent in domains of large dimension. In addition, it may also lead to the
ill-conditioning problem for combination of the use of B-spline bases of high order
and increasing number of collocation points. In this chapter, global B-spline col-
location scheme with domain decomposition techniques is introduced for solving
Poisson equations in arbitrary complex domains. Overlapping Schwarz multipli-
cative and additive domain decomposition techniques are examined in this study. It
is shown that the combination method produces higher accuracy with the B-spline
basis of much lower order than that needed in implementation of the global method.
The B-spline collocation with domain decomposition method hence improves the
approximation stability of the global B-spline collocation method. Numerical
simulations of singularly perturbed convection-diffusion problems are presented to
further show the method efficacy and capability.
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1 Introduction

The method of collocation is attractive for solving differential equations due to its
ease of implementation and efficiency. The method applies directly to the original
differential equations that describe the physics of the problem. In the last decades,
collocation methods using B-spline functions for the numerical solutions of various
types of partial differential equations have been paid attention and becoming an
active research area. The spline collocation methods are interesting due to their high
accuracies. There are many variants of spline collocation methods, which are mainly
related to the locations of the collocation points, such as nodal, orthogonal and
modified collocation (see the survey of spline collocation methods by Fairweather
and Meade [1], Bialecki and Fairweather [2]). Other variants of spline collocation
methods have been investigated as well: Botella [3], Greville [4, 5] and Moment [6]
collocations. The accuracy of the spline collocation methods depends on the order of
B-spline basis, regularity or continuity, and location of the collocation points [3–6].
Recently, B-spline collocation methods have been applied successfully in various
areas including fluid dynamics [3, 4, 7–9], computational aero-acoustics [10], wave
equation [11], non-linear analysis of laminated panels [12], vibration analysis
[13, 14], and non-linear two-point boundary value problems [15].

However, there are serious shortcomings in the implementation of the B-spline
collocation methods. The fact that basis needed for approximation is a tensor
product operation from one-dimensional B-spline basis functions has restricted the
method extension to applications in higher dimensions. Moreover, the tensor
product structure that is essentially ‘rectangular’ in nature has also further limited
the approximation to rectangular problem domain or other domains in which a
rectangular structure can be envisaged. Obviously, this produces a quite severe
limitation with respect to the flexibility and suitability of the method for applica-
tions in non-rectangular or irregular domains. In [16], it has been stated that the B-
spline collocation methods have not yet reached the level of flexibility of the
isoparametric formulation of the finite element method for arbitrary geometries.

Global collocation method using B-spline basis functions is shown to be capable
for solving elliptic partial differential equations in arbitrary complex domains. The
implementation of global collocation has been inspired by successful application of
radial basis functions (RBF) collocation in non-uniform grids [17]. The global B-
spline collocation approach is effectively alleviating difficulties commonly associ-
ated to B-spline based methods in handling such domains. Nonetheless, the global
method, which is simply reduced to Bezier approximation of degree p with C0

continuity, has led to the use of B-spline basis of high order in order to achieve high
accuracy. The need for B-spline bases of high order is also more prominent in
domains of large dimension. In addition, it may also lead to the ill-conditioning
problem for combination of the use of B-spline bases of high order and increasing
number of collocation points.

In this chapter, global B-spline collocation scheme with domain decomposition
techniques is introduced for solving Poisson equations in arbitrary complex
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domains. Overlapping Schwarz multiplicative and additive domain decomposition
techniques are examined in this study [18]. It is aimed that the B-spline approxi-
mation can be more robust, but still preserving great flexibility of the global method
in dealing with arbitrary complex domains. It is shown that the combination method
produces higher accuracy with the B-spline basis of much lower order than that
needed in implementation of the global method. The B-spline collocation with
domain decomposition method hence improves the approximation stability of the
global B-spline collocation method. Numerical applications of singularly perturbed
convection-diffusion problems are given to further show the method efficacy and
capability.

2 Global B-Spline Collocation

Consider the following boundary value problem:

Lu xð Þ ¼ f xð Þ 8x 2 X
Bhu xð Þ ¼ h xð Þ 8x 2 oXh

Bgu xð Þ ¼ g xð Þ 8x 2 oXg
ð1Þ

where X is the problem domain, oXh is the Dirichlet boundary, oXg is the Neumann
boundary, oX ¼ oXh [ oXg is the problem domain boundary, L is the Laplace
operator r2

� �
in X, Bh is the differential operator on oXh, Bg is the differential

operator on oXg, x 2 Rd .
Let also CPi ¼ nið Þf gNCi¼1 be NC collocation points in X, of which nið Þf gNI

i¼1 are
interior points, nið Þf gNh

i¼1 are boundary points on oXh and nið Þf gNg

i¼1 are boundary
points on oXg, hence NC ¼ NI þ Nh þ Ng.

The approximate solution û xð Þ for the problem (1) is to be obtained with the
collocation using B-splines. B-spline basis construction is briefly described in what
follows.

Consider one-dimensional B-spline basis function construction given by the
Cox-de Boor recursion formula [19, 20]:

Ni;1 tð Þ ¼ 1 if si \ s\ siþ1
0 otherwise

�
ð2Þ

Ni;1 tð Þ ¼ t � ti
tiþk�1 � ti

Ni;k�1 tð Þ þ tiþk � t
tiþk � tiþ1

Niþ1;k�1 tð Þ for 2� k� nþ 1 ð3Þ

In the formula, the convention 0/0 = 0 is used for the division calculation. Thus,
b ¼ N0;k; . . .;Nn;k

� �
are the univariate B-spline bases for the space C of polynomial

functions of degree less than or equal to k � 1 on interval I ¼ a1; b1½ � ¼ s0; snþk½ �.
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It is also clear from (3) that for k[ 1 the Ni;k tð Þ are a linear combination of two
k � 1ð Þ order basis functions.
The relationship between the number of knots in the knot vector sið Þnþki¼0 mkð Þ,

control points nþ 1ð Þ and B-spline order k is also given as follows:

mk ¼ nþ k þ 1 ð4Þ

For higher dimensional problems, the basis functions are constructed by taking
the product of the one-dimensional B-spline basis functions. For approximation in
2D, the basis functions are given by:

B :¼ Ni;k �Mj;l
� �n;m

i¼0;j¼0 ð5Þ

where B are the tensor product B-spline bases for the space D of tensor product
polynomial splines on the tensor product domain ½a1; b1� � ½a2; b2� ¼
s0; snþk½ � � 10; 1mþl½ �. Ni;k and Mj;l are the B-spline basis functions of orders k and l.
Note that the tensor product B-spline bases have the partition of unity property:

Xn;m

i¼0;j¼0
Ni;k tð Þ Mj;l sð Þ ¼ 1 ð6Þ

In addition, continuity of a B-spline curve depends generally on its order.
A B-spline curve of order k has in general Ck�2 continuity. There is however a
continuity constraint with respect to the multiplicity (mp) of a knot in the knot
vector. It is called as knot continuity, where increasing the multiplicity (mp) of a
knot reduces the continuity of the curve to Ck�mp�1 at that knot. It also means only
p� mp derivatives exist for a knot of multiplicity mp, where p is the B-spline
degree [21].

In this study a special class of B-spline approximation obtained by using an
open-uniform knot vector with full multiplicity of its end knots (no interior knots) is
used for the collocation. Such a B-spline approximation is chosen because it will
produce global approximation in order to deal with arbitrary complex domains with
arbitrary distribution of nodes. It is noted here the B-spline approximation is simply
reduced into Bezier approximation of degree p with C0 continuity [22].

Thus, we have here for the collocation (1) the following two-dimensional
B-spline approximation:

û x; yð Þ ¼
Xn;m

i¼0;j¼0
Ni;k xð Þ Mj;l yð Þ ai;j ð7Þ

The B-spline approximation can be simplified to be much similar with shape
functions in mesh-less and finite element methods [23] as:
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û x; yð Þ ¼
XNB

a¼1
Na x; yð Þ aa ð8Þ

where Na x; yð Þ ¼ Ni;k xð Þ Mj;l yð Þ, aa are the coefficients of approximation related to
Na x; yð Þ and NB is the number of B-spline bases used in approximation.

3 Overlapping Domain Decomposition Methods

The basic idea of domain decomposition method (DDM) is to decompose one large
global problem into many smaller sub-domain problems [18, 24, 25]. Only over-
lapping domain decomposition method with Schwarz multiplicative and additive
techniques are focused on this work. Other DDM techniques, such as non-over-
lapping ones, are left as extensions of the present work, while the readers are also
directed to a dedicated website on DDM [25] containing proceedings of the
international conferences on DDM together with numerous references cited therein.

By overlapping domain decomposition method, a given computational domain is
partitioned into smaller overlapping sub-domains. A typical option to accomplish
such a decomposition task is by partitioning the computational domain X into
K non-overlapping sub-domains and then extending from the shared boundaries of
neighbouring sub-domains Xi and Xj an amount of overlapping portions oij to a
larger domain Xi. The artificial interior boundaries are hence introduced here. This
schematic is illustrated in Fig. 1.

Denote Xi, oXinCi and Ci the extended sub-domain, the natural boundary and
the artificial interior boundary overlapped with other neighbouring sub-domains,
respectively. Let also Xi ¼ Xi [ oXinCi [ Ci denote the closed sub-domain,
S denote the operator of artificial interior boundary conditions and Ki be the arti-
ficial interior boundary value of sub-domain Xi extracted from the neighbouring
sub-domains. The original global problem is now reformulated as a series of sub-
domain problems:

Ht

ο 1Γ

2Γ
1Ω

2Ω

Fig. 1 Schematic of domain decomposition of X into smaller overlapping sub-domains Xi. The
artificial boundaries Ci are part of the boundary of Xi that is interior of X
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Lu xð Þ ¼ fi in Xi

Bu xð Þ ¼ bi on oXinCi

Su xð Þ ¼ Ki on Ci

ð9Þ

where B, S may specify Dirichlet, Neumann or mixed (Robin) boundary condition
operator and i ¼ 1; 2; . . .;K.

Communication and transmission of information among the sub-domains is
carried out iteratively in the overlapping regions oij i.e. through the artificial interior
boundaries Ci, which is described in the following.

Introduce the B-spline approximation in (8) as in the global B-spline collocation,
the linear system for each sub-domain is obtained as follows:

AXinCi

ACi

� �
ai ¼ FXinCi

FCi

� �
ð10Þ

where AXinCi
are matrices representing the operators acting on Xi excluding Ci,

FXinCi
are the corresponding right-hand side vectors, in which the natural boundary

conditions are imposed. The sub-matrices ACi and vectors FCi are produced from
the artificial interior boundary conditions.

Solving further (10), it is obtained:

ai ¼ A�1i Fi ð11Þ

where Ai ¼ AXinCi
ACi

� 	T
, Fi ¼ FXinCi

FCi


 �T
and ai are the vector of coeffi-

cients of approximation of each sub-domain. Note that Fi, containing the artificial
interior boundary conditions, will continuously change with the updating results of
its neighbouring sub-domains.

Recalling (8), the approximated values of the unknown function in sub-domain
Xi are obtained as:

/i xð Þ ¼ Gi xð Þ ai ð12Þ

where Gi xð Þ ¼ Na x1ð Þ;Na x2ð Þ; . . .;Na xNsið Þ½ �T and Nsi is the total number of col-
location points in sub-domain Xi.

It can be seen that the approximated values of the unknown function in sub-
domain Xi are obtained in similar process as the approximation in global large
domain, but involving update in the artificial interior boundary conditions. In
addition, depending on how artificial interior boundary conditions Fi are updated,
there are two types of overlapping domain decomposition methods i.e. additive
Schwarz and multiplicative Schwarz methods. For clarity, both these overlapping
domain decomposition techniques are described here.

In the overlapping additive Schwarz method, the artificial interior boundary
values of each sub-domain problem at the nþ 1ð Þth step are updated from the
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results of the nth step. This is illustrated as follows: Let X be partitioned into two
sub-domains X1 and X2, where X1 \ X2 6¼ [. The additive Schwarz domain
decomposition can be written as:

L/n
1 ¼ f in X1

B/n
1 ¼ b on oX1nC1

/n
1 ¼ /n�1

2 on C1

ð13Þ

L/n
2 ¼ f in X2

B/n
2 ¼ b on oX2nC2

/n
2 ¼ /n�1

1 on C2

ð14Þ

On the other hand, in the overlapping multiplicative Schwarz method, each sub-
domain problem is solved sequentially or in series. Here, the artificial interior
boundary values are soon updated after a sub-domain problem is solved (by (10)
and (11)), where each sub-domain uses the most recent updates from its neigh-
bouring sub-domains. The multiplicative Schwarz domain decomposition is then
illustrated as:

L/n
1 ¼ f in X1

B/n
1 ¼ b on oX1nC1

/n
1 ¼ /n�1

2 on C1

ð15Þ

L/n
2 ¼ f in X2

B/n
2 ¼ b on oX2nC2

/n
2 ¼ /n

1 on C2

ð16Þ

Both the multiplicative and additive Schwarz domain decomposition can be
expressed in termsof theDirichlet artificial interior boundary conditions as follows [24]:

Algorithm (Overlapping Domain Decomposition Method)
/ Guess initial solution on the artificial boundaries

For i = 1,2,…, until convergence

For j = 1,2,…, K Do:
Solve (4.3), get ai
/i  Giai

If (Multiplicative method) Update Fi for each Xi part of X from neigh-
bouring domains
End Do
If (Additive method) Update all Xi from previous steps

End Do
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Note that the additive Schwarz algorithm lets a parallel implementation in the
process of solving the sub-domain problems. The multiplicative Schwarz algorithm
lacks of this parallel characteristic, however it should converge faster that the
additive algorithm due to its direct update characteristic. Both the multiplicative and
additive Schwarz methods are in fact similar to the classical block Gauss–Seidel
iterative method and the block Jacobi iteration, respectively [26].

In implementations, index sets are used for clustering and numbering knot points
in each sub-domain and the artificial interior boundaries. Colouring may also help
the purpose. The index sets are also useful when local renumbering for knot points
of sub-domains is considered. It provides a matrix or prolongation operator linking
the local knot points to their global numbering/position in the original large domain.

It can be pointed out that using domain decomposition method, the B-spline
approximation is to be applied for many smaller domains than the original domain.
While the need for B-spline bases of high order in this global B-spline approxi-
mation would be more prominent in domains of large size or dimension, it may
become apparent that the necessity would be less due to the reduced dimension for
each sub-domain. This will be verified through the numerical experiments.

4 Numerical Examples

Numerical examples are presented here to examine the effectiveness of B-spline
collocation method with domain decomposition techniques. To clearly assess the
proposed method performance, B-spline approximations in applications of one
global domain and decomposed domain are examined and the obtained numerical
results are compared. Comparison is made in terms of B-spline order, accuracy and
elapsed time. For measure of accuracies, the following L2 error is used:

En ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiPNC

i¼1 u xið Þ � û xið Þ½ �2
PNC

i¼1 u xið Þ2
s

ð17Þ

In the present study, B-spline basis functions are computed directly rather than
symbolically such as in [27], thus the bases computation is faster. All numerical
simulations are performed with MATLAB 2006 environment and ran on HP
Compaq with OS Windows XP, processor of Intel Pentium 4 512 MB RAM. Such
computer specifications are chosen in order to clearly observe gains obtained by the
implementation of domain decomposition techniques. A fixed error tolerance 1�
10�7 and zero initial guess on the artificial interior boundaries are used in all
numerical simulations.
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4.1 Poisson Equation on L-Domain

Consider the Poisson equation:

r2u ¼� 751p2

144
sin

px
6


 �
sin

7px
4

� �
sin

3py
4

� �
sin

5py
4

� �

þ 7p2

12
cos

px
6


 �
cos

7px
4

� �
sin

3py
4

� �
sin

5py
4

� �

þ 15p2

8
sin

px
6


 �
sin

7px
4

� �
cos

3py
4

� �
cos

5py
4

� �
ð18Þ

which is applied on the L-shaped domain as shown in Fig. 2 and has the exact
solution as follows:

u x; yð Þ ¼ sin
px
6


 �
sin

7px
4

� �
sin

3py
4

� �
sin

5py
4

� �
ð19Þ

For clarity, exact solution for the Poisson equation on L-domain is further
depicted in Fig. 3. As can be seen, the problem shows ‘waving’ solution on the
L-domain with peak values near the corner point (2, 2).

Note that the number of sub-domains of 3 and 4 are respectively used in the
L-shaped domain for the implementations of domain decomposition method.
Several numerical simulations are carried out to examine the influence of the
number of sub-domains as well as that of the amount of overlapping.

Table 1 first describes the B-spline approximation on one global L-domain. The
number of collocation points and the B-spline order are varied to assess numerical
performances of the global B-spline collocation. The numerical performances are
described in terms of simulation error and elapsed time.

L

L

1Ω

2Ω3Ω

1Ω

2Ω

3Ω

4Ω

(a)

(b)

Fig. 2 L-shaped domain examined with: a three overlapping sub-domains, and b four overlapping
sub-domains L = 4
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In Table 1, it is shown that for the same B-spline order, the accuracy of B-spline
approximation increases as the number of collocation points is increased. It is also
obtained that for a fixed number of collocation points, the use of higher B-spline
order will result in better accuracy in the approximation. The corresponding sim-
ulation elapsed times are also shown. It is observed that while the global B-spline
collocation method effectively solves the PDE problems in irregular domain with
arbitrary nodes, it leads to the use of B-spline bases of high orders. This may be
explained from the general continuity posed by the global B-spline approximation
which is C0 only. It can be stressed out nonetheless that the global method does
pose high accuracy and stable for solving Poisson equation in arbitrary domain.

Tables 2 and 3 describe the influence of the amount of overlapping in the global
B-spline collocation with domain decomposition techniques for number of sub-
domains 3 and 4, respectively.

Tables 4 and 5 describe the influence of the number of sub-domains in the global
B-spline collocation with Schwarz multiplicative and additive decomposition
techniques, respectively. Simulation results obtained with overlapping ratio 12 %
are chosen.

Fig. 3 Exact solution of the
Poisson equation on
L-domain

Table 1 Numerical accuracy
for the Poisson equation on
L-domain obtained by global
B-spline collocation method

Number of
collocation
points

Number
of
domains

B-spline
order k

L2 error Elapsed
time (s)

721 1 23 5.086(−2) 2.60

25 2.759(−2) 3.03

27 4.634(−3) 3.40

1,791 1 23 2.250(−4) 5.59

25 1.971(−5) 6.70

27 1.757(−6) 7.91
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From Tables 1, 2, 3, 4 and 5, some important features of global B-spline col-
location combined with domain decomposition techniques can be summarized as
follows:

(1) As the amount of overlapping increases, the number of iteration steps needed
in the Schwarz multiplicative and additive techniques decreases. This may be
understood that more overlapping requires more information exchange, thus
allowing faster convergence.

Table 4 Influence of the number of sub-domains in B-spline collocation with domain Schwarz
multiplicative decomposition technique

Number of
collocation
points

Number
of sub-
domains

Overlapping
ratio o/Ht

(%)

B-spline
order k

L2 error Iteration
steps

Elapsed
time (s)

721 3 12 16 2.731(−2) 11 2.40
18 8.289(−3) 12 2.74
20 3.226(−3) 20 4.37

4 12 16 1.757(−2) 17 2.85
18 7.902(−3) 19 3.51
20 8.032(−3) 21 4.27

1,791 3 12 16 7.400(−4) 12 5.35
18 4.130(−5) 12 7.17
20 2.330(−6) 14 10.69

4 12 16 1.928(−4) 23 6.07
18 1.740(−5) 27 9.40
20 5.283(−6) 33 13.15

Table 5 Influence of the number of sub-domains in B-spline collocation with domain Schwarz
additive decomposition technique

Number of
collocation
points

Number
of sub-
domains

Overlapping
ratio o/Ht

(%)

B-spline
order k

L2 error Iteration
steps

Elapsed
time (s)

721 3 12 16 2.731(−2) 23 3.09
18 8.288(−3) 25 3.94
20 3.226(−3) 42 7.07

4 12 16 1.757(−2) 35 3.87
18 7.902(−3) 39 5.15
20 8.032(−3) 42 6.57

1,791 3 12 16 7.429(−4) 24 7.93
18 3.751(−5) 22 10.48
20 2.361(−6) 24 15.49

4 12 16 3.447(−4) 26 8.31
18 1.788(−5) 36 15.70
20 2.552(−6) 31 19.75
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(2) It can be seen that compared with the global collocation method, the B-spline
order is greatly reduced in the B-spline collocation with domain decomposi-
tion, thus avoiding ill-conditioning problem and producing increased accura-
cies. A decrease of the B-spline order up to seven was observed in the
combination technique. For instant: B-spline collocation with domain
decomposition with the number of collocation points 721, overlapping ratio
6.3 % and 3 sub-domains employed the B-spline order of 16, in comparison to
the global B-spline collocation of order 23.

(3) It is observed that in general more overlapping may lead to the increase of
accuracy, in particular with respect to the use of higher number of collocation
points or more number of sub-domains. In addition, more sub-domains can
lead also to the increase of accuracy.

(4) Schwarz additive decomposition technique takes longer time than Schwarz
multiplicative technique in the present implementation. It is indeed observed
that Schwarz multiplicative technique converges faster that the Schwarz
additive algorithm due to its direct update characteristic. Nevertheless,
Schwarz additive technique poses clear advantage in parallel computation, by
which true potential of the additive technique can be seen and exploited.

(5) It is observed that both Schwarz multiplicative and additive techniques pro-
duced similar accuracies in the present implementation of global B-spline
collocation with domain decomposition techniques.

(6) The use of more collocation points in the B-spline collocation combined with
domain decomposition can increase the accuracy as that observed in the global
B-spline collocation. Note that the use of more collocation points now
becomes less costly as the B-spline order has been greatly reduced. Never-
theless, it should be pointed out also that the advantages of using domain
decomposition techniques would become not too apparent when using much
higher number of collocation points in particular with the use of small num-
bers of sub-domains. In such case, ‘local’ nature of domain decomposition
may smear out and instead ‘global’ nature for each sub-domain becomes more
apparent.

Showing high accuracies in solving Poisson equation in arbitrary domain, in the
following section the B-spline collocation with domain decomposition techniques is
applied for singularly perturbed convection-diffusion problems. Convection-diffu-
sion equations may represent transient and steady heat conduction problems which
may be problems of interest in many industrial and technological applications such
as electronic cooling, heat transfer between pipe of vapour transport and fin of
triangular or circular boundaries, encapsulation using functionally graded materials,
and cryogenics [28].
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5 Numerical Simulations of Singularly Perturbed
Convection-Diffusion Problems

Singularly perturbed advection-diffusion-reaction problem is represented by:

�er2uþ b
! �ruþ cu ¼ f x; y; eð Þ in X

u ¼ g on oX

b
! ¼ b1; b2ð Þ; b1� 0; b2� 0; c� 0 on oX

ð20Þ

where e is a small diffusion parameter, b1, b2 and c are constants, g is the Dirichlet
boundary condition and oX is the boundary of X.

Such problem is also challenging to solve due to the presence of typical very thin
boundary layers in the solution and thus it is involving multi-scales. Such sharp
transitions and the multi-scale properties make the problem is often used as testing
model for new numerical methods or algorithms.

5.1 Singularly Perturbed Problem

As the first application of the present method for the singularly convection-diffu-
sion, the following problem is considered [24]:

�e2r2uþ 2u ¼ f x; y; eð Þ in X

u ¼ 0 on oX
ð21Þ

Here, f is chosen in such a way that the exact solution is given by:

u x; yð Þ ¼ 1� e�x=e þ e� 1�xð Þ=e

1þ e�1=e

� �
1� e�y=e þ e� 1�yð Þ=e

1þ e�1=e

� �
þ x 1� xð Þy 1� yð Þ

ð22Þ

Problem domain is the L-domain as Fig. 2, but with L ¼ 1. Three small over-
lapping sub-domains are employed to solve this problem. The value of e is chosen
as 0.01 and the iteration is considered to be convergent when the ratio of the
difference of two iterations to the latest result is <1:0� 10�3.

Table 6 presents the obtained L2 errors for this problem examined with 721 and
1,791 collocation points, respectively. All simulations are complete within three
iterations.

Figure 4 depicts the computed solution and absolute or pointwise errors for the
singularly perturbed problem obtained by using 721 collocation points with the
B-spline order of 12. The maximum pointwise error value is 9.936E-2.
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The use of 4 sub-domains for numerical simulation of this problem produced
similar accuracies. Note that the use of small numbers of sub-domains with small
overlapped areas for the present B-spline collocation with domain decomposition
techniques has shown sufficient good accuracies for this problem. The use of more
sub-domains of eight or nine may be expected to produce further increase in
accuracy.

The obtained results for the singularly perturbed problem hence show the
capability and effectiveness of the present B-spline collocation with domain
decomposition method.

5.2 Convection-Dominated Problem

The convection-diffusion problem with the convection-dominated term is consid-
ered as the next application, which is more challenging problem. The typical
boundary layers will be clearly observed in the solutions of this problem.

�er2uþ b
! �ru ¼ f x; y; eð Þ in X

u ¼ g on oX
ð23Þ

Table 6 Numerical accuracy
for the singularly perturbed
problem on L-domain by
B-spline collocation with
Schwarz multiplicative
decomposition method

Number of col-
location points

Number of
sub-domains

B-spline
order k

L2 error

721 3 8 5.161(−2)

10 2.144(−2)

12 1.531(−2)

1,791 3 8 6.745(−2)

10 3.248(−2)

12 2.243(−2)

Fig. 4 a Computed solution and b pointwise errors for the singularly perturbed problem using 721
collocation points and the B-spline order of 12
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Here, f is given by:

f x; yð Þ ¼ xþ yð Þ 1� e� 1�xð Þ=ee� 1�yð Þ=e

 �

þ x� yð Þ e� 1�yð Þ=e � e� 1�xð Þ=e

 �

ð24Þ

This problem was presented in [29]. The exact solution is:

u x; yð Þ ¼ xy 1� e� 1�xð Þ=e

 �

1� e� 1�yð Þ=e

 �

ð25Þ

Two values e of 0.1 and 0.01 are examined in the present study. b
! ¼ 1; 1ð Þ are

chosen. As in the previous problem 5.1, 3 small overlapping sub-domains are
employed to solve this problem. The iteration is considered to be convergent also
when the ratio of the difference of two iterations to the latest result is <1:0� 10�3.

Figure 5 depicts the exact solutions of this convection-dominated problem for the
two values parameter e of 0.1 and 0.01. Note that sharper boundary layers are
observed as the parameter e becomes smaller i.e. convection term is more dominance.

Higher numbers of collocation points are required to solve this problem, thus it is
examinedwith 1,791 and 2,757 collocation points. Tables 7 and 8 present the obtained
L2 errors and the iteration steps for the values e of 0.1 and 0.01, respectively.

Fig. 5 Exact solutions of the convection-dominated problem 5.2 for two values e of a 0.1, and
b 0.01, respectively

Table 7 Numerical accuracy
for the convection-dominated
problem on L-domain by
B-spline collocation with
Schwarz multiplicative
decomposition method
ðe ¼ 0:1Þ

Number
of nodes

Number
of sub-
domains

B-spline
order k

L2 error Iteration
steps

1,791 3 8 9.529 (–3) 26

10 1.467 (–4) 24

12 2.486 (−6) 32

2,757 3 8 1.103 (−2) 17

10 1.840 (−4) 22

12 2.958 (−6) 32
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Figures 6 and 7 depict further the computed solutions and pointwise errors for
the convection-dominated problem for the chosen e values with 2,757 collocation
points.

Finally, we re-examine the convection dominated problem for e ¼ 0:01 by using
six sub-domains of 2,757 collocation points, as shown in Fig. 8.

All parameters are kept the same as in the previous simulation, unless B-spline
order of 22 is now employed. We can obtain further increase in accuracy. The

Table 8 Numerical accuracy
for the convection-dominated
problem on L-domain by
B-spline collocation with
Schwarz multiplicative
decomposition method
ðe ¼ 0:01Þ

Number
of nodes

Number of
sub-domains

B-spline
order k

L2 error Iteration
steps

1,791 3 16 8.589(−2) 10

18 9.326(−3) 10

20 3.957(−3) 15

2,757 3 16 1.471(−1) 10

18 1.491(−2) 12

20 3.236(−3) 14

Fig. 6 a Computed solution and b pointwise errors for the convection-dominated problem
(e ¼ 0:1, 2,757 collocation points and B-spline order 12)

Fig. 7 a Computed solution and b pointwise errors for the convection-dominated problem
(e ¼ 0:01, 2,757 collocation points and B-spline order 20)
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obtained L2 error with six sub-domains is 6.981E-4 in comparison the accuracy of
1.0490E-3 which is obtained with three sub-domains.

Figure 9 presents the computed solutions and pointwise errors for the convec-
tion-dominated problem for e ¼ 0:01 re-examined by using six sub-domains of
2,757 collocation points and B-spline order 22.

6 Conclusions

In this study, overlapping domain decomposition methods of Schwarz multiplica-
tive and additive have been combined with the global B-spline collocation method.
It is shown that the combination method produced higher accuracy with the
B-spline basis of much lower order than that needed in implementation of the initial
method. The B-spline collocation with domain decomposition method hence
improves the approximation stability of the global B-spline collocation method.

Fig. 8 L-domain decomposed into six overlapping sub-domains

Fig. 9 a Computed solution and b pointwise errors for the convection-dominated problem with
e ¼ 0:01 re-examined by using six sub-domains of 2,757 nodes. B-spline order 22
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Furthermore, the combination method still retained great flexibility of the global
B-spline collocation method in dealing with arbitrary complex domains. The effi-
cacy and capability of the B-spline collocation with domain decomposition method
are further shown through numerical simulations of singularly perturbed convec-
tion-diffusion problems.
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Introducing the Dimensional Continuous
Space–Time Theory

Luiz Cesar Martini

Abstract This article is an introduction to a new theory. The name of the theory is
justified by the dimensional description of the continuous space-time of the matter,
energy and empty space, that gathers all the real things that exists in the universe.
The theory presents itself as the consolidation of the classical, quantum and rela-
tivity theories. A basic equation that describes the formation of the Universe,
relating time, space, matter, energy and movement, is deduced. The four funda-
mentals physics constants, light speed in empty space, gravitational constant,
Boltzmann’s constant and Planck’s constant and also the fundamentals particles
mass, the electrical charges, the energies, the empty space and time are also
obtained from this basic equation. This theory provides a new vision of the Big-
Bang and how the galaxies, stars, black holes and planets were formed. Based on it,
is possible to have a perfect comprehension of the duality between wave-particle,
which is an intrinsic characteristic of the matter and energy. It will be possible to
comprehend the formation of orbitals and get the equationing of atomics orbits. It
presents a singular comprehension of the mass relativity, length and time. It is
demonstrated that the continuous space-time is tridimensional, inelastic and tem-
porally instantaneous, eliminating the possibility of spatial fold, slot space, worm
hole, time travels and parallel universes. It is shown that many concepts, like dark
matter and strong forces, that hypothetically keep the cohesion of the atomics
nucleons, are without sense.

1 Introduction

In this article, the main equation of this theory is formally deduced, that is named
the primitive equation of the continuous space-time. In order to give a first notion of
the introduced concepts of this theory, imagine that any object occupying a specific
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space has dimensions that fill and define a volume in this space and this space
cannot be occupied instantaneously by other object.

Imagine for example a stick in the space. This stick exists only because it has a
potential energy that creates, defines and keeps its dimensions, determining a
volume in the space.

In order to characterize the empiric concept of the existence of a volume
occupying a determined space, it will be established the concept of a dimensional
axis of potential energy, in which a elementary dimensional axis of potential energy
occupying a space do not allows that other elementary axis of potential energy
occupies the same space. This dimensional axis that constitutes an incremental axis,
for example, of matter, that to exist physically needs a potential energy that creates
and keeps it occupying a volume in the space. This first concept is introduced
formally in the following [1].

2 Embryo of the Primitive Continuous Space–Time

In the last section, it will be established the rudiments of a theory that supposes the
existence of a dimensional length that has a potential energy. This potential energy
is stabilized from two opposed pairs of conjugated forces that have the same
common origin [2].

It is defined a dimensional length α, whose end points are defined by the points
P1 and P−1. At both points, there are two forces, one of contraction and the other of
expansion, that are in equilibrium and maintain the potential at these points.

The conjugated forces of contraction fr1 and fr�1 are named anti-space-time
conjugated forces and the conjugated forces of expansion fs1 and fs�1are named
space-time conjugated forces.

These two couples of conjugated forces ðfr1 ; fr�1Þ and ðfs1 ; fs�1Þ constitute one
energy dimensional axis that sustains the elementary points P1 and P�1. This
energy dimensional axis constituted by the elementary points P1 and P�1 is the 0
dimensional basis of the space and it is going to be named as a elementary
dimension of potential energy.

One elementary dimension of potential energy has a space field S, which energy
is proportional to S2, i.e.

E ¼ kS2 ð1Þ

where k is a constant that depends on the dimensional length a. The space field S on
the other hand should be dependent of the dimensional length a too. Imagine that
the space field should be an exponential function of dimension length a, if it is
differentiated or integrated it must result in the same space field. Suppose an origin
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point in the space where many elementary axis of energy pass through. These axis
and their energies are jointly independent, so they are mathematically orthogonal,
that means that the total energy is the sum of the energies of each elementary axis.
Then for two elementary axis of energy

EðP1;�1 þ P2;�2Þ ¼ EðP1;�1Þ þ EðP2;�2Þ

where P1;�1 is the elementary axis whose extreme points are P1 and P�1 and P2;�2

is the elementary axis whose extreme points are P2 and P�2. Equivalently,

E1 ¼ EðP1;�1Þ ¼ kS1
!
S1
!¼ kS21

E2 ¼ EðP2;�2Þ ¼ kS2
!
S2
!¼ kS22

E1;2 ¼ EðP1;�1 þ P2;�2Þ ¼ kS21 þ kS22

ð2Þ

It is defined a volume V that contains two elementary dimensional axis of
potential energy E1 and E2, where the total energy is given by (2) and the space
fields S1 and S2 are mathematically orthogonal. So, the volume V containing a set of
m elementary dimensions is a euclidian space. As consequence, the addition of the
energies E1 and E2 forms a one-dimensional mathematic space, that can be obtained
from two zero-dimensional mathematic spaces, that has equal energies, E1 ¼ E2.

In order to produce a two-dimensional mathematic space, it will start from two
one-dimensional mathematic spaces. So it needs to add two more elementary
dimension of potential energy. Now, considering a great number of elementary axis
of potential energy that are uniformly distributed inside a volume V and constituted
by elementary dimensions of length α, where the i-th elementary energy is given by
Ei ¼ E0. Where E0 is the elementary axis of potential energy, that is the same in all
directions.

In order to establish an empiric formation law, it can firstly notice that the
D-dimensional space of potential energy is formed by the addition of a power of
two elementary energy dimensions.

Starting from a zero-dimensional mathematic space of energy Eð0Þ, i.e.
Eð0Þ ¼ E1 ¼ E0.

The one-dimensional mathematical space of energy Eð1Þ is obtained by the
addition of two zero-dimensional space of energy, i.e. Eð1Þ ¼ Eð0Þ þ Eð0Þ ¼
E1 þ E2 ¼ 2E0.

The two-dimensional mathematical space of energy Eð2Þ is obtained by the
addition of two one-dimensional mathematical space of energy, i.e. Eð2Þ ¼
Eð1Þ þ Eð1Þ ¼ E1 þ E2 þ E3 þ E4 ¼ 4E0.

So, the D-dimensional mathematical space of energy EðDÞ is given by:

EðDÞ ¼ 2DE0 ¼ e2a0DE0 ð3Þ
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So, D is defined as the dimension of a D-dimensional mathematical space of
energy. In this way, it is found an elementary law that describes the total energy
inside the volume V.

In the following, it is discovered that the total energy is dependent on the
mathematical dimension D. Defining the space constant a0 as

a0 ¼ 1
2
ln 2 ð4Þ

The energy EðDÞ represents the energy of a dimensional space containing a set
of elementary dimensions of potential energy.

The space of energy has dimension equal to D constructed from the bases of
segments of one-dimensional axis of energy, given by

E1b ¼ EðDÞ1
D ¼ 2E

1
D
0 ¼ e2a0E

1
D
0 ð5Þ

So, the base zero-dimensional of one energy elementary dimension has energy,
given by

E0b ¼ E
1
D
0 ð6Þ

The (3) define an embryonal formula of the continuous space-time of the matter,
energy and empty space that represents the totality of all real things in the Universe.

It can be demonstrated that

D ¼ 1 for the time and for the empty space ð7Þ

D ¼ D0 ¼ 56 for the matter and for the energy ð8Þ

On the other hand, conjugated forces of space-time fs, do no exist for the empty
space, there are only conjugated forces of anti-space-time, fr.

3 Introducing the Temporal Variation in the Length a

Starting from the embryonal equations (1) and (3), it is possible to find an
expression for E0. Since the elementary dimension of energy has a length α, setting
k ¼ a in (1). Since the space potential Sð0Þ must be a function of α and an expo-
nential law has to be obeyed, so doing.

E0 ¼ kS20 ¼ ae2a0a ð9Þ
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justified by the dimensional law 2D, where by analogy it has been done D ¼ a as
elementary dimension.

In this theory, the universe is constituted only by dimensions whose unit of
length is described in an absolute mathematical measurement system; that is per-
fectly characterized by the international measurement system (SI) [3]. It can be
demonstrated that using the absolute mathematical measurement system, that

a ¼ 1
p

ð10Þ

Now appears the first question: How to introduce in the expression of E0 space
and anti-space representations and its temporal dependence? So, doing

E0 ¼ aS20 ¼ aS0sS0r
E0 ¼ aea0aea0a ¼ aS0sS0r

ð11Þ

where S0s is a space component and S0r is an anti-space component of the ele-
mentary energy E0.

So it has

S0s ¼ ea0D1s ea0L1s ¼ ea0
a
2S1s; ð12Þ

where D1s is a dimension of the stationary space given by D1s ¼ L1s ¼ a
2 and L1s is a

dimensional length of the dimension D1s of the stationary space.
As a consequence,

S0r ¼ ea0D1r ea0L1r ¼ ea0
a
2S1r

D1r ¼ L1r ¼ a
2

ð13Þ

where S1s is the elementary stationary component potential of the energy space and
S1r is the elementary stationary component potential of the anti space energy.

Now it is introduced a variation into the lengths L1s and L1r so it will be
substituted respectively L1s and L1r by

L1s ¼ asðtsÞ ¼ fsðtsÞ þ a
2

L1r ¼ arðtsÞ ¼ frðtsÞ þ a
2

ð14Þ

With the harmonic fluctuations asðtsÞ and arðtsÞ having a complete temporal
dependence of ts in a most simple form. It is designed ts as the subjective time or the
time that rises to the future like the common concept that we have about the time.
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Otherwise, the real time is a dimension that oscillates as a pendulum with
variable velocity. So it is defined a spatial fluctuation dependent of the time
designed as space-time function given by fsðtsÞ ¼ a=2ð Þsinðx0tsÞ where x0 must be
determined.

4 Identification of Light Speed as a Universal Constant

On the other hand, before the Big-Bang E0 can not have fluctuations because of the
equilibrium between anti space and space time forces.

In this first moment because there is no correct notion of the time movement ts, it
is erroneously induced that arðtsÞ is equal to � a

2 sinðx0tsÞ þ a
2.

So, before the Big Bang E0 ¼ aea0ðD1sþD1rÞea0asðtsÞea0arðtsÞ.
Now it must focus to the physical and mathematical nature of S1s and S1r .
The nature of the anti space and space forces are totally dynamics, in this sense

they only can be represented by the dynamics components of asðtsÞ and arðtsÞ.
Then it is defined the elementary embryonal equations components of dynamics

space Ss and of dynamics anti space Sr in the same sense of S1s and S1r, so that

S1s ¼ ea0D2s ea0fsðtsÞ ¼ ea0D2sSs

S1r ¼ ea0D2r ea0frðtsÞ ¼ ea0D2r Sr
ð15Þ

Then D2s ¼ D2r ¼ a=2. So they have a dynamics components of the energies
given by

S0s ¼ ea0Dea0ðD1sþD2sÞSs

S0r ¼ ea0Dea0ðD1rþD2rÞSr

with

Ds ¼ D1s þ D2s ¼ a ¼ 1
p

Dr ¼ D1r þ D2r ¼ a ¼ 1
p

where Ds ¼ Dr ¼ a ¼ 1=p are the dimensions of dynamics space and anti-space
components. Its correspondents lengths Ls and Lr are equal to α that is the peak to
peak variation of fsðtsÞ and frðtsÞ respectively.

EðDÞ ¼ ae2a0Dea0ðDsþDrÞSsSr

¼ ae2a0ðDþaÞSsSr
ð16Þ
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Now the dimensional physical and mathematical space has dimension Dþ a and
the quantities bðDÞ ¼ e2a0ðDþaÞ are fundamental nature, dimensional function, that
only depends of the dimension D.

This function bðDÞ is physically and mathematically without dimension and to
the mater and energy it has D ¼ D0 ¼ 56. Then to the mater and energy, it is
identified bðD0Þ with the square of the light velocity c in the empty space,
expressed in meters per seconds.

In (16) by doing D ¼ D0, the value c numeric equal to the light velocity in the
empty space, is the phase time velocity of the wave time into the mater and energy.

c ¼ ea0ðD0þ1
pÞ ð17Þ

where c ¼ 2:997438563� 108 m/s. The percentage difference between theoretical
and practical values is PD ¼ �0:016.

Now it is inquired that velocity has dimension, but this theory will proof that
dimension time is exactly like space dimension, so meter by seconds is not
dimensional.

This theory will proof that everything that exists into the universe is express in
the unity of mathematical dimensional length α. So in a concise form it has

EðD0Þ ¼ ac2SsSr ð18Þ

5 Determination of the Angular Frequency x0

Aiming to find a most complete equation that (16) represents, it will start admitting
the principle that before the Big-Bang the continuous space time equation must not
change with movement time. So the elementary cell of energy do not change with
the time variation too.

The cell must be totally static, without manifestation of temperature, without
mass like it is known, or electric charge. The cell must be only an elementary cell of
potential energy that keeps its dimensions stables. So, in this way, the composition
of the continuous space time equation must be present the dynamics equations Ss
and Sr representatives of the forces of space and anti space that mutually one
neutralizes the other from a derivative process.

As a start point principle, it will consider that the time was always present and it,
in fact, made a continuous and indefinite process derivative in the energy at the
elementary cells.

Meanwhile, before the Big-Bang the continuous temporal derivative in the
energy, does not promote fluctuations in this static energy.
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So, initially it will admit that the derivative of the energy before the Big-Bang
was zero and it will be making

dEðD0Þ
dts

¼ 0

In this way, the primitive Universe was totally static in the zero absolute tem-
perature. It was constituted only by elementary cells, completely stationaries, dis-
posed side by side, totally occupying the empty space and All Universe Energy was
stored in this elementary cells as potential energy.

Each elementary cell contains 2D0 elementary dimensions of potential energy in
a homogeneous spherical distribution of radius a=2.

Because the elementary cells has this homogenous distribution it can be proven
that the potential gravitational between the cells is always constant, independent of
the volume of the cells that is considered.

It is going to be choose the referential space-time function fsðtsÞ to have a
sinusoidal form and the referential anti space-time function frðtsÞ to be a cosine, that
it will be justified later and is given by

frðtsÞ ¼ � a
2
cosðx0tsÞ

It will be postulate that the equation of action into the continuous space time is a
continued derivative equation. For a while it will be doing this action equation
before the Big-Bang to be equal zero

dEðD0Þ
dts

¼ x0a0a
2

ffiffiffi
2

p

2
cos x0ts � p

4

� �
c2SsSr ¼ 0

The unique form of this expression to be zero is done x0 ¼ 0. But so where will
be the temporal variation?

6 Introduction of the Phase Variation

The question above will be solved by introducing a phase variation hðtsÞ ¼ x1ts,
where x1 ¼ 2p vf

k and vf is the phase velocity of the time wave, k is the length of
time wave produced by this phase velocity.

As in this moment the time will be considered into complete stationary space and
not into movement matter, is possible to demonstrate that in this condition it must
have k

vf
¼ 2p.
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When it will be considered the matter in movement with velocity v, it will be
demonstrated that

x1 ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffi
1� v2

c2

r

that is the known Lorentz factor [4].
In this moment it will be assumed that x1 is a constant value to be found.
Aiming not to disturb the equation before the Big-bang, it is introduced two

oppositive phases. So, before the Big-Bang, it is going to suppose initially that

f ðtsÞ ¼ fsðtsÞ þ frðtsÞ ¼ a

ffiffiffi
2

p

2
sinðx0ts � p

4
þ hðtsÞ � hðtsÞÞ

In this first moment it will be supposed that space and anti space forces will be
represented by the phases hðtsÞ and �hðtsÞ.

What does it mean having into the space a sinusoid with zero frequency and
hðtsÞ phase changing with the time?

It means that the amplitude of the sinusoid will be instantaneously the same in all
universe and this amplitude has a variation with the time which amplitude is defined
by the phase. This equation depends on the time and is producing zero derivative.

7 Alteration of Equilibrium Conditions

After the Big-Bang the dEðD0Þ
dts

equation has to be changed.
The start of the Big-Bang was caused by a unbalance in a single elementary cell.

With finality to promote a transformation in the equation, in this first moment
�hðtsÞ will be eliminated. The introduction of two oppositive phase terms was
resulting of a logical rationality, but it will be demonstrated that even before the
Big-Bang, it was only necessary the phase þhðtsÞ and the phase �hðtsÞ was totally
unnecessary.

So to promote the changing in a energy differential equation it will eliminate
�hðtsÞ, then the transformation will give

f ðtsÞ ¼ a

ffiffiffi
2

p

2
sin x0ts � p

4
þ hðtsÞ

� �

Now the derivation of the energy equation is starting to produce a factor of
energy reduction and dimensional contraction. The energy factor will form the mass
and charge of the matter.
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After the Big Bang it will postulate that to constitute the materia, the differential

equation dEðd0Þ
dts

will be separated in two components that are totally tied and pro-
duces combined action, but having independent actuation.

Considering the product PðtsÞ ¼ SsSr ¼ ea0f ðtsÞ. The mathematical derivative of
the product is

P0ðtsÞ ¼ a0f
0ðtsÞPðtsÞ ¼ a0f

0ðtsÞea0f ðtsÞ

f 0ðtsÞ ¼ df ðtsÞ
dts

¼
ffiffiffi
2

p

2
cosðx1ts � p

4
Þ

P0ðtsÞ ¼ a0

ffiffiffi
2

p

2
cosðx1ts � p

4
Þea0f ðtsÞ

Now it must attempt to the true physical derivative form of PðtsÞ.
The time derivative actuation is produced over all functions in all equations and

must separate space and anti space.
So it is postulated that the derivative form physically must produce:

P0
0 ¼ a0f

0
s ðtsÞea0f

0
s ðtsÞ þ a0f

0
r ðtsÞea0f

0
r ðtsÞ

Then it must have

E0ðD0Þ ¼ ac2P0
0 ¼ ac2 a0

a
2

h i
cos ðx1tsÞea0f 0s ðtsÞ þ ac2 a0

a
2

h i
sin ðx1tsÞea0f 0r ðtsÞ

The term a0 a
2 will be proved in the Theory that it is an incremental contribution

to the mass and charge of the elementary particles.
Then to the space and anti-space components it will have respectively

E0
sðd0Þ ¼ ac2 a0 a=2½ � cos ðx1tsÞea0f 0s ðtsÞ

E0
rðd0Þ ¼ ac2 a0 a=2½ � sin ðx1tsÞea0f 0r ðtsÞ
f 0s ðtsÞ ¼ a=2 cos ðx1tsÞ
f 0r ðtsÞ ¼ a=2 sinðx1tsÞ

Now it will try to reconstruct the primitive equation from its separation doing
firstly

gðtsÞ ¼ E0
sðtsÞea0f

0
r ðtsÞ þ E0

rðtsÞea0f
0
s ðtsÞ ¼ ac2 a0 a=2½ �

ffiffiffi
2

p
cos ðx1ts � p

4
Þea0f 0ðtsÞ
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So in the equation above has the additive term from a sinuous and cosine given
by

hðtsÞ ¼
ffiffiffi
2

p
cosðx1ts � p

4
Þ

This term is not reconstructed, and its represents an other separation term
between E0

sðDÞ and E0
rðDÞ and it can be seen that

hðtsÞ ¼
ffiffiffi
2

p ejðx1ts�p
4Þ

2
þ

ffiffiffi
2

p e�jðx1ts�p
4Þ

2

To restore the original form of this term its substitution will be postulated by

qðtsÞ ¼
ffiffiffi
2

p ejðx1ts�p
4Þ

ffiffiffi
2

p e�jðx1ts�p
4Þ

ffiffiffi
2

p

In the reconstruction the term a0 a=2½ � is obtained because it is resultant from the
process of the separation by derivation.

Because it has introduced a complex time it must consider the time into fsðtsÞ and
frðtsÞ initially as a complex term, than it will have the reconstructed form

E0ðD0Þ ¼ ac2
ffiffiffi
2

p ejðx1ts�p
4Þ

ffiffiffi
2

p e�jðx1ts�p
4Þ

ffiffiffi
2

p ea0f
0ðtsÞ

E0ðD0Þ ¼ ac2
ffiffiffi
2

p ejx1ts
ffiffiffi
2

p e�jx1ts
ffiffiffi
2

p ea0
ffiffi
2

p
2 cos ðjx1ts�jx1ts�p

4Þ

The complex coordinates that appears will be explained when the Relativity
Theory is introduced [5]. The complex coordinate that is found is the temporal
coordinate which is necessary to be complex to obtain a real phase of the time into
the space.

8 Real Condition of the Invariability Before the Big-Bang

Returning to consider again the derivative of the primitive energy equation.
It was made a preliminary analysis considering its mathematical derivative as

been zero, however its derivative can not produce nullity of the continuous space
time equation, but in sense that keep it unmodified.

So the continue derivative of the primitive continuous space time equation
before the big bang has to produce itself, keeping its continuity.

So the real condition in a mathematical derivative definition before the Big-Bang

must be dEðD0Þ
dðjtsÞ ¼ EðD0Þ; and do not zero.
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To satisfy this condition it must eliminate one of two complex terms keeping
only one of them. Studying the Relativity Theory the term þjx1ts must be con-
served. So the following term will be eliminated. e

�jx1 tsffiffi
2

p and consequently �jx1ts in

the f 0ðtsÞ.
So in the primitive equation there is only a temporal complex coordinate þjx1ts.

Than it will have the primitive equation without derivative EðD0Þ ¼ ac2ejx1ts ea0f ðtsÞ

where in this new condition f ðtsÞ ¼ j a2 sinðx1tsÞ � j a2 cosðx1tsÞ and its mathemat-
ical derivative equation with respect to complex temporal coordinate jts, before the
Big-Bang, will be

dEðD0Þ
dðjtsÞ ¼ x1ac

2ejx1ts ea0f
0ðtsÞ þ ac2f 0ðtsÞejx1ts ea0f

0ðtsÞ ð19Þ

so that the derivative with respect to complex time coordinate jts produce the
properly derivative energy of the continuous space time, so x1 ¼ 1 radian and
f 0ðtsÞ ¼ 0 taking our attention to the term f ðtsÞ.

In this moment there is a question to solve: the continue derivation of fsðtsÞ and
frðtsÞ with respect to jts, must produce the nullity of the term f 0ðtsÞ ¼ f 0s ðtsÞ þ f 0r ðtsÞ.
How can it be possible?

9 Characterization of the Dimensional Variation

Now the above question will be solved! When the complex component is intro-
duced and keeping the sinuous and cosine components, the complex component
ejx1ts , is a description of the time. So the sinuous and cosine components in f ðtsÞ,
can not be the time representation, but the spatial dimensional actuation of the time
on the dimension. So inside of the sinuous and cosine terms the time is not the
subjective time but the rotating amplitude constant vector~t0 which amplitude is the
constant equal to 1.

Otherwise, the time rotating vector actuation on the dimensional components in
sinuous and cosine depends respectively of tss and tsr and do not directly of ts.

It can be seen that

tss ¼ jt0sinðx1tsÞ ¼ jsinðx1tsÞ
tsr ¼ jt0cosðx1tsÞ ¼ jcosðx1tsÞ

In the terms fsðtsÞ and frðtsÞ it will be done respectively the transformations

jx1ts ¼ x1ts
tss

sinðx1tsÞ ¼ x1ts
tsr

cosðx1tsÞ
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so it will have

fsðtssÞ ¼ a
2
sin x1ts

tss
sinðx1tsÞ

� �

frðtsrÞ ¼ � a
2
cos x1ts

tsr
cosðx1tsÞ

� �

that results

fsðtssÞ ¼ a=2 tss
frðtsrÞ ¼ �a=2 tsr

As seen above, fsðtssÞ and frðtsrÞ do not depends on x1. Utilizing the Relativity
Theory [6] it can be proven that tss and tsr do not depends of an angular variant
frequency x1 and in the expression of tss and tsr , the angular frequency is x1 ¼ �j.

So in reality the correct forms are the following.

tss ¼ sin ðtsÞ
tsr ¼ cos ðtsÞ

ð20Þ

fsðtssÞ ¼ a=2 tss ¼ a=2 sin ðtsÞ
frðtsrÞ ¼ �a=2 tsr ¼ �a=2 cos ðtsÞ

ð21Þ

And the derivative of fsðtssÞ and frðtsrÞ is not with respect to jts but is with respect
to components tss and tsr respectively.

In this condition the sum of the continue derivation of fsðtssÞ and frðtsrÞ will be
producing

f 0ðtss; tsrÞ ¼ dfsðtssÞ
dtss

þ dfrðtsrÞ
dtsr

¼ 0 ð22Þ

10 The General Form of the Primitive Equation in Static
and Dynamics Forms

So after the definition of time functions fs(tss) and fr(tsr), now is presented the
equations of the continuous space-time before the Big-Bang [7] in the static form:

EðDÞ ¼ ae2a0ðDþaÞejx1ts ea0f ðtss;tsrÞ ð23Þ
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a0 ¼ 1=2 ln 2 space constant

a ¼ 1=p dimensional length

x1 ¼ 1 angular frequency of the time before the Big-Bang

f ðtss; tsrÞ ¼ fsðtssÞ þ frðtsrÞ static time function

tss ¼ sinðtsÞ active time in the space component

tsr ¼ cosðtsÞ active time in the anti-space component

ts ¼ subjective time

fsðtssÞ ¼ a=2 tss time function of the space component

frðtsrÞ ¼ �a=2 tsr time function of the anti-space component

vf ¼ ea0ðDþaÞ velocity phase of the time

D ¼ 1 to the empty space and the time

D ¼ D0 ¼ 56 to the matter and energy

Ss ¼ Ea0fsðtssÞ space component of the elementary static energy

Sr ¼ Ea0frðtsrÞ anti-space component of the elementary static energy

:

Now is presented the equations of the continuous space-time before the Big-
Bang [5] in the dynamic form:

E0ðDÞ ¼ x1ae
2a0ðDþaÞejx1ts ea0f

0ðtss;tsrÞ ð24Þ

f 0ðtss; tsrÞ ¼ f 0s ðtssÞ þ f 0r ðtsrÞ dynamic time function

fs0 ðtssÞ ¼ a=2 time function of the space component in continuous derivative

fr0 ðtsrÞ ¼ �a=2 time function of the anti-space component in continuous derivative

Ss0 ¼ Ea0f 0s ðtssÞ space component of the elementary dynamic energy

Sr0 ¼ Ea0f 0r ðtsrÞ anti-space component of the elementary dynamic energy

Then the primitive equation (24) of the continuous space time in its complete
form in continuous derivation defined as Continuity equation of the continuous
space time before the Big-Bang. After the Big-Bang everything starts to move and
to the movement it has

x1 ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffi
1� v2

c2

r
ð25Þ

that is the angular frequency of the time in a matter moving with speed v.
So the elementary cells of potential energy of the primitive universe into the

empty space totally stationary, without any movement or other form of energy are
express by the (23) and (24) in static equilibrium. These equations are general and
can be worked in many ways, obtaining surprising results. when the angular
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frequency x1 is introduced, the number D0 ¼ 56 to the mater and energy, and
D ¼ 1 to the time and empty space, the separation between space time and anti
space time forces, the real time t instead of the subjective time ts, and the basis of
space and time.

11 Some Theoretical Results

Equation (23) can be conveniently separated in three terms like.

EðDÞ ¼ e2a0ðDþaÞTSsSr ð26Þ

where is defined

T ¼ ejx1ts time equation

Ss ¼ ea0fsðtssÞ space equation

Sr ¼ ea0frðtsrÞ anti space equation

From the earlier equations, the space-time and the anti space-time equations are

Cs ¼ e2a0ðDþaÞTSs space-time equation ð27Þ

Cr ¼ e2a0ðDþaÞTSr anti space-time equation ð28Þ

After the Big-Bang the primitive equation of the continuous space time of the
elementary cell of potential energy, was separated in two parts producing the
equations of space time and anti space time spectrally tied and non separable into
the matter, but in the energy there is only the space time component that is
responsible by the wave propagation. The empty space has only the anti space
component and the time has only the space component.

The empty space is characterized by its presence in distinct points. The time is
characterized by the instantaneous actuation in all empty space. So only element of
empty space is separated of another element of empty space, but the time is in-
tegralized on all empty space. The empty space, because it has only anti space
component, it is physically totally static. Because the time has only space com-
ponent and infinite space dimension it has an infinite phase velocity of propagation.
So the time is a stationary wave and its instantaneous energy is simultaneous over
all space.

The process of dimensional reduction where are engaged derivative and/or
integral of the functions TSs or TSr will produce matter and energy, as resulting of
this process. Now is presented some results of this theory:
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N ¼ 7 Number of atomics Shells

RT1 ¼ 1

2p
ffiffiffi
2

p � 1

4p
ffiffiffi
2

p Partial reduction of the time function

RT2 ¼ 1

2p
ffiffiffi
2

p Complete dimensional reduction of the time function

Mð0Þ ¼ 1
2
ðea0a2 þ e�a0a2Þ Dimensional factor of correction

Zð0Þ ¼ 1
2

Mð0Þ þ 1
Mð0Þ

� �
Dimensional factor correction

where the factor Mð0Þ is associated to the space and the 1
Mð0Þ factor is associated to

the anti-space. The factor Zð0Þ is associated to the conjugated actuation between
space and anti space.

Light speed into the empty space

c ¼ ea0ðD0þ1
pÞ ¼ 2:9974385630� 108 m/s

PD ¼ �0:016
ð29Þ

where PD is the percentage difference.
Static proton mass

m0
p ¼

a0
p
ð�aD0

0 ÞaRT10
1

Mð0Þ kg ¼ 1:671795279� 10�27 kg

PD ¼ �0:049
ð30Þ

Static neutron mass

m0
n ¼

a0
p
ð�aD0

0 ÞaRT10 Zð0Þ kg ¼ 1:674341082� 10�27 kg

PD ¼ �0:034
ð31Þ

Boltzmann constant [8]

k ¼ 1

a0
a0
p a

2RT1�RT2
0

e�D0 ¼ 1:380299907� 10�23 J/K

PD ¼ �0:0262

ð32Þ

Bohr Radius [8]
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r0 ¼ 1
ðmð8Þ � 1Þc ¼

1
63c

¼ 5:295526678� 10�11 m

PD ¼ 0:070
ð33Þ

where

mð8Þ ¼
X7

l¼0

ð2lþ 1Þ ¼ 64

mð8Þ � 1 ¼ D0 þ N

12 Conclusions

In this article, the equation called the primitive equation of the continuous space-
time was formally deduced. This paper presents a completely new work that is a
small part of a work quite extensive, resulting from years of intense research of the
author. It was presented as an introduction, so it can be appreciated, analyzed and
criticized. The conclusion will depend on future works all interconnected, and these
conclusions may only be obtained after full publication of several other items that
compound the theory.
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Application of Nikiforov-Uvarov Method
for Non-central Potential System Solution

C. Cari and A. Suparmi

Abstract The energy eigenvalues and eigenfunctions of Schrodinger equation for
a 3D harmonic oscillator potential plus Rosen-Morse non-central potential and
Eckart plus trigonometric Poschl-Teller non-central potential are investigated using
NU method. The bound state energy eigenvalues for both systems are given in a
closed form and the corresponding radial wave functions are expressed in associ-
ated Laguerre polynomials for 3D harmonics oscillator while the radial and angular
eigenfunctions are given in terms of Jacobi polynomials. The Rosen-Morse and
Poschl-Teller potentials are considered to be the perturbation factors to the 3D
harmonic oscillator and Eckart potentials that cause the decrease of angular
momentum length but preserve the number of energy degeneracy.

1 Introduction

The Schrodinger equations of physical potentials have been studied intensively in
recent years. Mostly methods used to obtain the exact solution of Schrodinger for
physical potentials which consist of a class of shape invariant potentials are factor-
ization method [1–3], super-symmetric quantum mechanics (SUSY QM) approach
[4–8], Nikiforov-Uvarov (NU)method [9–13], andRomanovski polynomial [14–17].
Among these methods, there are somemethods that interconnect to each other, SUSY
QM with factorization method and WKB approach, NU method and Romanovski
polynomial are developed based on hypergeometric differential equation. Shape
invariant potentials is a class of one dimensional potentials (radial/central and angular
functions potential) that obey to the properties proposed by Gendenshtein [8].

NU method, proposed by Nikiforov and Uvarov [18], has been widely used to
solve second order linier differential equation without direct solution. The energy
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spectrum and the wave function of certain potential system are calculated using
formulas derived from hypergeometric type equation which obtained by simple
mathematical manipulation of the Schrodinger equation of the potential of interest.
By suitable variable substitution, the Schrodinger equation for certain physical
potential reduces to an generalized hypergeometric differential equation (GHDE),
and by parameter and wave function substitutions to GHDE then GHDE reduces to
hypergeometric/confluent hypergeometric differential equation that is called as
hypergeometric type equation. As by product, a set of formulas, which is used to
determine the energy spectrum and wave functions, are produced. Therefore the
heart of NU method is determining the coefficients of the second, first, and zeroth
derivatives from GHDE and plugging it into set of formulas.

In this chapter we analyze the energy spectra and wave functions of non-central
potential: 3D oscillator harmonics plus trigonometric Rosen-Morse and Eckart plus
Poschl-Teller non-central potentials using NU method. These two system potentials
are separable potentials [19–21] therefore its Schrodinger equations solved using
variable separation method. Three dimensional harmonics oscillator is one of exactly
solvable potential that used to describe the nuclei, atomic ormolecular vibration.Non-
central potential composed of spherical harmonics oscillator with square of inverse
potential together with ring-shaped non-central potential, or double ring shaped
potential have been investigated intensively by some authors [22–25]. The Rosen-
Morse potential is trigonometric potential which was proposed by Rosen-Morse [26]
in 1935 and was used to describe the quark-gluon dynamics. The approximate bound
state solution for trigonometric Rosen-Morse potential have also been studied for l-
state solution [27–29], and Coulombic Rosen-Morse non-central potential, particu-
larly for coth part, has been investigated intensively [27]. For l 6¼ 0 and r ≪ 0, the
centrifugal term is approximated by hyperbolic, trigonometric or exponential func-
tions [ ] and leads to the exact analytical solution of the radial Schrodinger equation.
The exact analytical solutions of Schrodinger equations for some physical potentials
are very essential since the knowledge of wave functions and energy contains all
possible important information of the physical properties of quantum system.

2 Non-central Potential

The Schrodinger equations for central potentials, which are shape invariant
potentials such as three dimensional harmonics oscillator, Kepler problems, Wood
Saxon potential, Kratzer molecular potential, have been solved exactly using SUSY
QM, WKB with Langer correction, and hypergeometric type equations particularly
only for l = 0. Non-central potentials, which are separable ones, are also exactly
solvable for l = 0. The separable non-central potential is given as

Vðr; h;uÞ ¼ VðrÞ þ VðhÞ
r2

þ VðuÞ
r2 sin2 h

ð1Þ
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Schrodinger equation for non-central potential expressed in (1) is solved using
variable separation method and is exactly solvable for l = 0 if VðrÞ, VðhÞ, and VðuÞ
are shape invariants. The Schrodinger equation for non-central potential expressed
in (1) are resolved into three second order linier differential equation: radial, polar
and azimuthal Schrodinger equations. In the case of radial Schrodinger equation,
for l 6¼ 0, however, is exactly solvable only if the contribution of centrifugal term,
lðlþ1Þ
r2 , for very small value of r, r ≪ 1, is approximated by

lðlþ 1Þ
r2

ffi lðlþ 1Þ
sinh2 r

ffi lðlþ 1Þ
sin2 r

; ð2aÞ

Approximation expressed in (2a, 2b) was initially proposed by Greene and
Aldrich [L] and newly improved [M], with d0 ¼ 1=12, given as

lðlþ 1Þ
r2

ffi lðlþ 1Þð1þ d0Þ
sinh2 r

ffi lðlþ 1Þð1þ d0Þ
sin2 r

ð2bÞ

The radial parts of non-central potential, VðrÞ, that produce the exact solution
within r approximation either expressed in (2a) or (2b) are including radial Eckart
potential, radial hyperbolic Poschl-Teller potential, radial trigonometric Poschl-
Teller potential, radial hyperbolic Rosen-Morse potential, radial trigonometric
Rosen-Morse potential, radial hyperbolic Scarf potential and radial trigonometric
Scarf potential, as shown in Table 1.

On the other hand, the polar parts of non-central potentials that have exact
solutions are listing in Table 2.

By using (1) the non-central potentials are achieved by combining the radial
function potentials listed in Table 1 with polar potential listed in Table 2.

Table 1 Lists of radial potential that are solvable using NU method

No Potential’s name Potential’s equation

1 Eckart VðrÞ ¼ �h2

2Ma2 V0
e�r=a

ð1�e�r=aÞ2 � V1
1þe�r=a

1�e�r=a

� �
2 Poschl-Teller (trigonometric) VðrÞ ¼ �h2a2

2M
jðj�1Þ
sin2 ar

þ gðg�1Þ
cos2 ar

� �
3 Modified Poschl-Teller/(hyperbolic) VðrÞ ¼ �h2a2

2M
jðj�1Þ
sinh2 ar

� gðgþ1Þ
cosh2 ar

� �
4 Hyperbolic Rosen-Morse VðrÞ ¼ �h2a2

2M
mðm�1Þ
sinh2 ar

� 2l coth ar
� �

5 Trigonometric Rosen-Morse VðrÞ ¼ �h2a2
2M

mðmþ1Þ
sin2 ar

� 2l cot ar
� �

6 Trigonometric scarf II VðrÞ ¼ �h2a2
2M

b2þaða�1Þ
sin2 ar

� 2bða�1
2Þ cos ar

sin2 ar

� �
7 Hyperbolic scarf II VðrÞ ¼ �h2a2

2M
b2þaðaþ1Þ
sinh2 ar

� 2bðaþ1
2Þ cosh ar

sinh2 ar

� �
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In this chapter we will solve Schrodinger equation for non-central potential with
VðuÞ ¼ 1,

Vðr; hÞ ¼ Mx2r2

2
þ �h2

2Mr2
mðmþ 1Þ
sin2 h

� 2l cot h
� �

ð3Þ

and

Vðr; hÞ ¼ �h2

2Ma2
V0

e�r=a

ð1� e�r=aÞ2 � V1
1þ e�r=a

1� e�r=a

 !

þ �h2

2Mr2
jðj� 1Þ
sin2 h

þ gðg� 1Þ
cos2 h

� �
; ð4Þ

and the one dimensional Schrodinger equations are solved using Nikiforov-Uvarov
method. Special for three dimensional harmonics oscillator we do not need the
approximation value of r.

3 Nikiforov-Uvarov Method

Nikiforov-Uvarov (NU) method was developed based on the hypergeometric di-
ferential equation. In the following section the formulas used in NU method are
derived from hypergeometric differential equation.

The hypergeometric differential equation expressed by Gau b [30] is given as

zð1� zÞ o
2U

o2z
þ fc� ðaþ bþ 1Þzg oU

oz
� abU ¼ 0 ð5Þ

Equation (1) has three regular singular points at z ¼ 0; z ¼ 1; z ¼ 1. By using
Frobenius method [30], the general solution at around point z ¼ 0 is given as

UðzÞ ¼ A2F1ða; b; c; zÞ þ Bz1�c
2F1aþ 1� c; bþ 1� c : 2� c; zÞ ð6Þ

Table 2 Lists of polar function potentials that are solvable using NU method

No Polar potential Potential’s mathematical equation

1 Poschl-Teller VðhÞ ¼ �h2
2M

jðj�1Þ
sin2 h

þ gðg�1Þ
cos2 h

� �
2 Rosen-Morse VðhÞ ¼ �h2

2M
mðmþ1Þ
sin2 h

� 2l cot h
� �

3 Scarf VðhÞ ¼ �h2
2M

b2þaða�1Þ
sin2 h

� 2bða�1
2Þ cos h

sin2 h

� �
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where

2F1ða; b; c; zÞ ¼
X
n¼0

ðaÞnðbÞn
ðcÞn

zn

n!

¼ 1þ ab
c

z
1!
þ aðaþ 1Þ bðbþ 1Þ

cðcþ 1Þ
z2

2!

þ aðaþ 1Þðaþ 2Þ bðbþ 1Þðbþ 2Þ
cðcþ 1Þðcþ 2Þ

z3

3!
þ . . . ð7Þ

ðaÞn ¼ aðaþ 1Þðaþ 2Þðaþ 3Þ. . .ðaþ n� 1Þ ð8Þ

and c is not integer. When c is integer the second part of the solution becomes
complicated and we have only the first part of the solution. For a = −n or b = −n the
solution of (7) becomes finite. By substituting z ¼ x

b and for b ! 1 then hyper-
geometric differential equation in (5) reduces to confluent hypergeometric equation
given as

x
o2U

o2z
þ fc� xg oU

oz
� aU ¼ 0 ð9Þ

The solution of confluent hypergeometric equation in (9) at around regular
singular point z ¼ 0 is given as

UðzÞ ¼ A1F1ða; c; zÞ þ ðBz1�c
1F1aþ 1� c; 2� c; zÞ ð10Þ

with

1F1ða; c; zÞ ¼
X
n¼0

ðaÞn
ðcÞn

zn

n!
¼ 1þ a

c
z
1!
þ aðaþ 1Þ

cðcþ 1Þ
z2

2!
þ aðaþ 1Þðaþ 2Þ

cðcþ 1Þðcþ 2Þ
z3

3!
þ . . .

ð11Þ

For a ¼ �n the polynomials in (11) becomes finite.
The one-dimensional Schrodinger equation of any shape invariant potential can

be reduced into hypergeometric or confluent hypergeometric type differential
equation, expressed in (5) or (9) by suitable variable transformation [12, 26]. The
hypergeometric type differential equation, which is solved using Nikiforov-Uvarov
method, is presented as

o2WðsÞ
os2

þ ~sðsÞ
rðsÞ

oWðsÞ
os

þ ~rðsÞ
r2

WðsÞ ¼ 0 ð12Þ

where rðsÞ and ~rðsÞ are polynomials at most in the second order, and ~sðsÞ is first
order polynomial. Equation (12) is obtained from the Schrodinger equation of the
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certain potential by suitable variable substitution. Equation (12) is solved by using
separation of variable method which is expressed as

WðsÞ ¼ /ðsÞyðsÞ ð13Þ

for appropriate / sð Þ function, and (12) reduces to

y00ðsÞ þ 2
/0ðsÞ
/ðsÞ þ

~sðsÞ
rðsÞ

� �
y0ðsÞ þ /00ðsÞ

/ðsÞ þ /0ðsÞ~sðsÞ
/ðsÞrðsÞ þ

~rðsÞ
r2ðsÞ

� �
yðsÞ ¼ 0 ð14Þ

In order (14) is not more complex than (12), then the coefficient of y0ðsÞ in (14)

has to be in the form of sðsÞ
rðsÞ that is

2
/0ðsÞ
/ðsÞ þ

~sðsÞ
rðsÞ ¼

sðsÞ
rðsÞ ð15Þ

By rewriting

/0ðsÞ
/ðsÞ ¼ pðsÞ

rðsÞ ð16Þ

then we obtain

2pðsÞ ¼ sðsÞ � ~sðsÞð Þ ! sðsÞ ¼ ~sðsÞ þ 2pðsÞ ð17Þ

where the new parameter p sð Þ is the first order polynomial. By expressing the /00 sð Þ
/ sð Þ

term in (14) as

/00ðsÞ
/ðsÞ ¼ /0ðsÞ

/ðsÞ
� 	0

þ /0ðsÞ
/ðsÞ
� 	2

¼ pðsÞ
rðsÞ
� 	0

þ pðsÞ
rðsÞ
� 	2

ð18Þ

and by setting the coefficient of y sð Þ in (14) to be equal to �rðsÞ
r2ðsÞ then from (14) and

(18) we have

pðsÞ
rðsÞ
� 	0

þ pðsÞ
rðsÞ
� 	2

þ/0ðsÞ~sðsÞ
/ðsÞrðsÞ þ

~rðsÞ
r2ðsÞ ¼

�rðsÞ
r2ðsÞ ð19Þ

and (14) becomes

y00ðsÞ þ sðsÞ
rðsÞ y

0ðsÞ þ �rðsÞ
r2ðsÞ yðsÞ ¼ 0 ð20aÞ

72 C. Cari and A. Suparmi



Equation (19) is rewritten as

�rðsÞ ¼ ~rðsÞ þ p2ðsÞ þ pðsÞð~sðsÞ � r0ðsÞÞ þ p0ðsÞrðsÞ ð20bÞ

In order the expression of (20a, 20b) as simple as possible then �rðsÞ in (20a,
20b) should be divisible by rðsÞ that is

�rðsÞ ¼ krðsÞ ð21Þ

with k is a constant, and thus (20a, 20b) reduces to

rðsÞy00ðsÞ þ sðsÞy0ðsÞ þ kyðsÞ ¼ 0 ð22Þ

Equation (22) is called as hypergeometric type equation and its solutions as a
functions of hypergeometric type, and (12) is called as generalized hypergeometric
type equation [18]. The new parameter pðsÞ, which is the first order polynomial, is
determined by using (20a, b) and (21) given as

~rðsÞ þ p2ðsÞ þ pðsÞð~sðsÞ � r0ðsÞÞ � krðsÞ ¼ 0 ð23Þ

with

k� p0ðsÞ ¼ k ð24Þ

From (23) we have

pðsÞ ¼ r0ðsÞ � ~sðsÞ
2

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
r0ðsÞ � ~sðsÞ

2

� �2

�~rðsÞ þ krðsÞ
s

ð25Þ

Since the parameter pðsÞ has the form of first order polynomial, then the
expression under square root of (25) has to be a perfectly quadratic expression, that
means the discriminate of the quadratic expression has to be zero, and so we obtain
the value of k.

Before determining the solution of (22) it is necessary to show that the derivative
of hypergeometric type differential equation is also a hypergeometric type differ-

ential equation. By setting t1ðsÞ ¼ y0ðsÞ ¼ oyðsÞ
os in (22) that have been differentiated

we have

rðsÞt001ðsÞ þ s1ðsÞt01ðsÞ þ l1t1ðsÞ ¼ 0 ð26Þ

with

s1ðsÞ ¼ sðsÞ þ r0ðsÞ and l1 ¼ kþ s0ðsÞ ð27Þ
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Since s1ðsÞ is the first polynomial and l1 is a parameter that s independence
therefore (26) is the hypergeometric type differential equation. By repeating the step

in obtaining (26) by substituting t2ðsÞ ¼ y00ðsÞ ¼ o2yðsÞ
os2 in (26) that has been dif-

ferentiated we get

rðsÞt002ðsÞ þ s2ðsÞt02ðsÞ þ l2t2ðsÞ ¼ 0 ð28Þ

with

s2ðsÞ ¼ s1ðsÞ þ r0ðsÞ ¼ sðsÞ þ 2r0ðsÞ ð29aÞ

l2 ¼ l1 þ s01ðsÞ ¼ kþ 2s0ðsÞ þ r00ðsÞ ð29bÞ

By repeating the differentiation of (22) n times with tn sð Þ ¼ y nð Þ sð Þ such that we
have

rðsÞt00nðsÞ þ snðsÞt0nðsÞ þ lntnðsÞ ¼ 0 ð30Þ

and sn sð Þ dan ln yaitu,

snðsÞ ¼ sðsÞ þ nr0ðsÞ ð31Þ

ln ¼ kþ ns0ðsÞ þ nðn� 1Þ
2

r00ðsÞ ð32Þ

If ln ¼ 0, then from we obtain,

k ¼ kn ¼ �ns0ðsÞ � nðn� 1Þ
2

r00ðsÞ n ¼ 0; 1; 2; 3; . . . ð33Þ

The solution of (22) is obtained from condition that y sð Þ ¼ yn sð Þ, which is the
nth order polynomial given as

ynðsÞ ¼ Bn

qðsÞ
dn

dsn
rnðsÞqðsÞ½ � ð34Þ

with Bn is normalization constant and q sð Þ is weight function that satisfies the
condition

d
ds

rðsÞqðsÞ½ � ¼ sðsÞqðsÞ ð35Þ

with rðsÞ and ~rðsÞ which are obtained from (12) are polynomials with mostly
second order, and ~sðsÞ is first order polynomial given as
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rðsÞ ¼ as2 þ bsþ c and ~sðsÞ ¼ fsþ h ð36Þ

The useful formulas used to determine the energy spectra and the wave function
of quantum system using NU method have been derived from hypergeometric
differential equation.

4 Application of NU Method for Non-central Potential

By using (16), (17), (24), (25), (33), (34), and (35), the energy spectra and the
corresponding wave functions of 3D oscillator harmonics plus trigonometric
Rosen-Morse non-central potential and Eckart plus Poschl-Teller non-central
potentials are calculated.

4.1 Energy Spectrum and Wave Function of 3D Oscillator
Harmonics Plus Trigonometric Rosen-Morse
Non-central Potential

The first part of this section discusses the solution of three dimensional Schrodinger
equation for 3D HO potential with simultaneously the presence of trigonometric
Rosen-Morse non-central potential whose potential is expressed as

� �h2

2M
1
r2

o
or

ðr2 o
or
Þ þ 1

r2 sin h
o
oh

ðsin h o
oh

Þ þ 1

r2 sin2 h

o2

ou2

� �
Wðr; h;uÞ

�

þ Mx2r2

2
þ �h2

2Mr2
mðmþ 1Þ
sin2 h

� 2l cot h
� �� �

Wðr; h;uÞg

¼ EWðr; h;uÞ ð37Þ

The non-central potential is separable one then (37) is solved using variable
separation method by setting the wave function in (37) as w r; h;uð Þ ¼
R rð ÞP hð Þ/ðuÞ and we obtain

1
R
o
or

r2
o
or

� �
� r2

�h2
M2x2r2 þ 2Mr2

�h2
E ¼ � 1

P sin h
o
oh

sin h
o
oh

� �
� 1

/ sin2 h

o2

ou2

þ mðmþ 1Þ
sin2 h

� 2l cot h
� �

¼ k ¼ ‘ð‘þ 1Þ
ð38Þ
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The azimuthal part obtained from the wave equation expressed in (38) is given as

1
/

o2

ou2 ¼ �m2 ð39Þ

therefore the solution of azimuthal part of wave function as usual is

/ ¼ Ame
imu ð40Þ

From (38) we obtain the radial and angular parts of Schrodinger equation given as

1
R
o
or

r2
o
or

� �
� r2

�h2
M2x2r2 þ 2Mr2

�h2
E ¼ lðlþ 1Þ ð41Þ

� 1
P sin h

o
oh

sin h
o
oh

� �
þ m2

sin2 h
þ mðmþ 1Þ

sin2 h
� 2l cot h

� �
¼ lðlþ 1Þ ð42Þ

From the solution of (41) will be obtained the energy spectrum of 3D HO
potential and the radial part of wave function while from (42) will be obtained the
angular wave function and the value of l, orbital quantum number.

4.1.1 Solution of Radial Schrodinger Equation for 3D Oscillator
Harmonics Plus Trigonometric Rosen-Morse Non-central
Potential

The radial Schrodinger equation in (41) is rewritten as

o2R
or2

þ 2
r
oR
or

þ �M2

�h2
x2r2 þ 2l

�h2
E

� �
R� lðlþ 1Þ

r2
R ¼ 0 ð43Þ

By setting

2M

�h2
E ¼ e2

M2x2

�h2
¼ c2 and R ¼ v

r
ð44Þ

and inserting it into (43) we get

o2v
or2

þ �c2r2 þ e2 � lðlþ 1Þ
r2

� �
v ¼ 0 ð45Þ
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Making a change variable r2 ¼ x in (42) and change it into equation which is
given as

x
o2v
ox2

þ 1
2
ov
ox

� c2x2 � e2xþ lðlþ 1Þ
4x

� �
v ¼ 0 ð46Þ

By comparing (12) and (46) we have

r ¼ x; ~s ¼ 1
2

~r ¼ � lðlþ 1Þ þ c2x2 � e2x
4

� �
ð47Þ

From (25) and (47) we get

p ¼ 1
4
�

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
1
16

þ lðlþ 1Þ þ c2x2 � e2x
4

þ kx

r
ð48Þ

The value of k is obtained from the condition that quadratic expression under the
square root in (48) has to be completely square of first degree of polynomial
therefore (48) is rewritten as

p ¼ 1
4
� c
2

xþ 2
k � e2

4

c2

( )
ð49Þ

and the discriminate of the quadratic expression under the square root that has to be
zero is given as

k � e2

4

� �2

�4
c2

4

� �
lþ 1

2

� �2
4

¼ 0 ð50Þ

From (50) we obtain the value of k as

k1 ¼ e2

4
þ c
2
ðlþ 1

2
Þ or k2 ¼ e2

4
� c
2
ðlþ 1

2
Þ ð51Þ

By imposing the condition that s0\ 0 then from (49) and (51) we get

for k1 p ¼ 1
4
� c
2

xþ 2
c
2 ðlþ 1

2Þ
c2

� �
¼ � cx

2
� l
2
or p ¼ 1

4
� c
2

x� 2
c
2 ðlþ 1

2Þ
c2

� �

¼ � cx
2
þ ðlþ 1Þ

2
for k2

ð52Þ
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By using (17), (24), (47), (51), and (52) we obtain

for k1 : k ¼ e2

4
þ c
2

lþ 1
2

� �
� c
2
¼ e2

4
þ c
2

l� 1
2

� �
or

k ¼ e2

4
� c
2

lþ 3
2

� �
for k2

ð53Þ

s ¼ 1
2
þ 2 � cx

2
� 1
2

� �
¼ �cx� l� 1

2

� �
for k1 or s ¼ �cxþ lþ 3

2

� �
for k2

ð54Þ

From (33), (47) and (54) we obtain the same values of kn either for k1 or k2, that
is

k ¼ kn ¼ �nrð�cÞ ¼ cnr ð55Þ

The energy eigenvalue obtained by equating equations (53) and (55) is given as

e2

4
¼ c nr �

l� 1
2

� �
2

� �
for k1 or

e2

4
¼ c nr þ

lþ 3
2

� �
2

� �
for k2 ð56Þ

To have physical meaning, the choice of the values of k, p; s; k and kn are all
values for k = k2 in (52)–(56) therefore the energy spectrum of 3D HO plus Rosen-
Morse non-central potential is obtained from (44) which is given as

e2 ¼ 2c 2nr þ lþ 3
2

� �� �
! E ¼ �hx 2nr þ lþ 3

2

� �
ð57Þ

where nr is radial quantum number, l is orbital quantum number and its values
depend on the parameters of Rosen-Morse non-central potential. The orbital
quantum number obtained from the solution of angular Schrodinger equation is
expressed as

l ¼ l0 ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

m mþ 1ð Þ þ m2
p

þ nl þ 1
2

� �2

� l2ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p þ nl þ 1
2

� �2
vuuut � 1

2

ð58aÞ

We can see from (58a) that for fixed values of principal quantum number, nl, and
radial quantum number nr, the values of l = l′ is not fixed since it depends on the
Rosen-Morse’s parameter. Since the values of l0 � 0 then from (58a) we obtain the
condition that
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ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p
þ nl þ 1

2

� �4

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p þ nl þ 1
2

2

 !2

� l2 ð58bÞ

The radial wave functions are calculated using (13), (16), (34), (35), (47), (52),
and (54). The first part of the wave function obtained using (16), (47) and (52) is
given as

/ðrÞ ¼ ðxÞðl
0þ1Þ
2 e�

cx
2 ð59Þ

and by using (35), (47), and (54) we get the weight function which is given as

qðxÞ ¼ xl
iþ1

2e�cx ð60Þ

The second part of radial wave function obtained using (34) and (60) is given as

ynrðxÞ ¼
cnr
qðxÞ

dnr

dxnr
rnrðxÞqðxÞð Þ ¼ cnr

xl0þ1
2e�cx

dnr

dxnr
ðxl0þ1

2þne�cxÞ ð61Þ

From (61) we get the un-normalized first four of the second part of radial wave
functions given as

y0ðxÞ ¼ 1 ð62aÞ

y1ðxÞ ¼ C1ðl0 þ 1:5� cxÞ ð62bÞ

y2ðxÞ ¼ C2ððl0 þ 2:5Þðl0 þ 1:5Þ � ð2l0 þ 5Þcxþ c2x2Þ ð62cÞ

y3ðxÞ ¼ C3ððl0 þ 3:5Þðl0 þ 2:5Þðl0 þ 1:5Þ � ð3l0 þ 10:5Þðl0 þ 2:5Þcx
þ ð3l0 þ 10:5Þ cxð Þ2Þ � cxð Þ3 ð62dÞ

The second part of radial wave function change into associated Laguerre poly-
nomials by setting cx ¼ z in (61), that is

ynrðxÞ ¼
cnrðcÞl

0þ1
2

zl0þ1
2e�z

dnr

dznr
zl

0þ1
2þnr e�z

� �
¼ Cnr ðcÞl

0þ1
2nr!L

l0þ1
2

nr ðzÞ ð63Þ

The un-normalized first four radial wave function obtained using (44), (59) and
(62a)–(62d) are given as

R0ðxÞ ¼ Cnr r
l0e�

lxr2

2�h ð65aÞ

R1ðxÞ ¼ C1r
l0e�

cr2

2�h ðl0 þ 1:5� cr2Þ ð65bÞ
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R2 ¼ C1r
l0e�

cr2

2 ððl0 þ 2:5Þðl0 þ 1:5Þ � ð2l0 þ 5Þcr2 þ c2r4Þ ð65cÞ

R3 ¼ C1r
l0e�

cr2

2 ððl0 þ 3:5Þðl0 þ 2:5Þðl0 þ 1:5Þ � ðð3l0 þ 10:5Þ l0 þ 2:5ð Þcr2
þ 3l0 þ 10:5ð Þc2r4 � c3r6Þ ð65dÞ

The effect of the presence of Rosen-Morse non-central potential to radial wave
function is represented by the value of orbital momentum numbers, l′, that are not
always be integer but it always be positive number. The normalization factor Bn in
(51) can be obtained from the normalization condition of radial wave function
which is expressed as

Z1
0

vnr0 rð Þvnr rð Þdr ¼ dnr0nr ð66aÞ

By inserting (51) into (54) we have

Z1
0

Bnr0 z
l0þ1ð Þ
2 e�

z
2L

l0þ1
2

nr0 ðzÞBnr z
l0þ1ð Þ
2 e�

z
2L

l0þ1
2

nr ðzÞ dz

2
ffiffiffiffiffi
bz

p ¼ dnr0nr ð66bÞ

The normalization condition for associated Laguerre polynomials is given as

Z1
0

zl
0þ1

2e�zL
l0þ1

2
nr0 ðzÞL

l0þ1
2

nr ðzÞdz ¼ nr þ l0 þ 1
2

� �
!

nr!
dnr0nr ð66cÞ

From (66a) and (66b) we get the normalization factor of radial wave function
given as

Bnr ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

2
ffiffiffi
c

p
nr!

nr þ l0 þ 1
2

� �
!

s
ð66dÞ

The radial wave function of 3D HO plus Rosen-Morse non-central potential is
expressed as associated Laguerre polynomials with the values of orbital quantum
numbers are trigonometric Rosen-Morse’s parameters dependence. By the absent of
Rosen-Morse potential the radial wave function becomes the radial wave function
of 3D HO. The effect of the presence of Rosen-Morse potential: the csc2 h term
causes the increase in wave amplitude and the wavelength as shown in Fig. 1, while
the cot h term causes the decrease of the amplitude and the wavelength as shown in
Fig. 2.
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4.1.2 The Solution of Angular Schrodinger Equation

The polar part of the Schrodinger equation expressed in (40) is rewritten as

o2PðhÞ
oh2

þ cot h
oPðhÞ
oh

� v vþ 1ð Þ þ m2

sin2 h
� 2l cot h

� �
PðhÞ þ l lþ 1ð ÞPðhÞ ¼ 0

ð67Þ

By making a change of variable, cot h ¼ is, in (67) we have

o
oh

¼ ið1� s2Þ o
os

and
o2

oh2
¼ ið1� s2Þ o

os
ið1� s2Þ o

os

� �
ð68Þ

By inserting (68) into (67) we achieve

ð1� s2Þ o
2P
os2

� s
oP
os

þ m2 þ mðmþ 1Þ � 2lisþ lðlþ 1Þ
1� s2

� �
P ¼ 0 ð69Þ

Fig. 1 The graph of 1st state of radial wave function for 3D HO-Rosen-Morse system for csc2 h

term
Rnlmmlnr ðrÞ ¼ R21201ðrÞ ¼ C1r3:65e�

cr2

2

ð6:15� cr2Þ
Rnlmmlnr ðrÞ ¼ R21201ðrÞ ¼ C1r3:65e�

cr2

2

ð6:15� cr2Þ
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r ¼ 1� s2; ~s ¼ �s; ~r ¼ m2 þ mðmþ 1Þ
 �ð1� s2Þ � 2lisþ lðlþ 1Þf g ð70Þ

By using (25) and (70) we get

p ¼ � s
2
�

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
s2

4
� m2 þ mðmþ 1Þ � lðlþ 1Þ � k½ � þ 2lisþ m2 þ mðmþ 1Þ � k½ �s2

r
ð71aÞ

p ¼ � s
2
�

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
m2 þ ðmþ 1

2
Þ2 � k

� 	s
sþ 2li

2 m2 þ ðmþ 1
2Þ2 � k

n o
8<
:

9=
; ð71bÞ

The value of k in (71a) is obtained from the condition that quadratic expression
under the square root in (71a) has to be perfectly square of first degree of poly-
nomial therefore (71a) reduces to (71b), and the discriminate of the quadratic
expression under the square root in (71a) has to be zero given as

Fig. 2 The graph of 1st state of radial wave function for 3D HO-Rosen-Morse system for

cot term:
R21061ðrÞ ¼ C1r1:55e�

cr2

2

ð4:05� cr2Þ
Rnlmmlnr ðrÞ ¼ R21021ðrÞ ¼ C1r1:95e�

cr2

2

ð4:45� cr2Þ
R210101ðrÞ ¼ C1r0:52e�

cr2

2

ð3:02� cr2Þ
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�l2 þ k2 � k 2m2 þ 2 mþ 1
2

� �2

� lþ 1
2

� �2
( )

þ m2 þ mþ 1
2

� �2

� lþ 1
2

� �2
( )

m2 þ mþ 1
2

� �2
( )

¼ 0 ð72Þ

The values of k obtained from (72)

k1 ¼ m2 þ mþ 1
2

� �2

�
lþ 1

2

� �2þ ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

¼ m2 þ mþ 1
2

� �2

�p21 ð73aÞ

k2 ¼ m2 þ mþ 1
2

� �2

�
lþ 1

2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

¼ m2 þ mþ 1
2

� �2

�p22 ð73bÞ

with

p21 ¼
lþ 1

2

� �2þ ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

and p22 ¼
lþ 1

2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

ð74Þ

By inserting (73a, 73b) into (71b) we obtain the value of p that satisfies the
condition s0\0 given as

p ¼ � s
2
� pðsþ li

p2
Þ ¼ �s pþ 1

2

� �
� li

p
ð75Þ

By inserting (70) and (75) into (17) we have

s ¼ �s� s� 2p sþ li
p2

� �
¼ �2sð1þ pÞ � 2li

p
ð76Þ

The eigen values of the system are obtained by manipulating (24), (33), (70),
(73a, 73b), (74), and (76) as follows. By using (24), (73a, 73b) and (74) we have

k ¼ m2 þ mþ 1
2

� �2

�p2 � ðpþ 1
2
Þ ð77Þ

and by using (33), (70), and (76) we obtain

kn ¼ �nð�2p� 2Þ þ nðn� 1Þ ¼ 2npþ nþ n2 ð78Þ
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By equating equation (77) and (78) we have

m2 þ mþ 1
2

� �2

�p2 � ðpþ 1
2
Þ ¼ 2npþ nþ n2 ! m2 þ m mþ 1ð Þ ¼ ðpþ nþ 1

2
Þ2

ð79Þ

By inserting (74) into (79) we get

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
m2 þ m mþ 1ð Þ

p
� ðnþ 1

2
Þ ¼ p ¼ �

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �2þ4l2
q
2

vuut
ð80Þ

To have physical meaning, from (80) we choose

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
m2 þ m mþ 1ð Þ

p
� ðnþ 1

2
Þ ¼ p ¼ �

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �2þ ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �2þ4l2
q
2

vuut
!

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
m2 þ m mþ 1ð Þ

p
þ ðnþ 1

2
Þ

� �2

¼
lþ 1

2

� �2þ ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �2þ4l2
q
2

ð81Þ

that gives

lþ 1
2

� �
¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
m2 þ mðmþ 1Þ

p
þ nþ 1

2

� �2

� l2ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
m2 þ mðmþ 1Þp þ nþ 1

2

� �2
vuuut ð82Þ

Equation (82) shows that l, disturbed orbital momentum number, as a function of
m, l, m, and n = nl which is angular quantum number.

The first part of the polar wave function obtained from (16), (70) and (75) as
follows:

/0

/
¼

�sðpþ 1
2Þ � li

p

1� s2
¼ �sðpþ 1

2Þ
1� s2

þ
� li

p

2ð1� sÞ þ
� li

p

2ð1þ sÞ ð83Þ

d/
/

¼
ðpþ1

2Þ
2 dð�s2Þ
1� s2

þ
li
p dð�sÞ
2ð1� sÞ þ

� li
p ds

2ð1þ sÞ ! / ¼ ð1� sÞ
ðpþ1

2Þ
2 þli

2pð1þ sÞ
ðpþ1

2Þ
2 �li

2p ð84Þ
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The weight function of the second part of wave function is obtained from (35),
(70), and (76) given as

oðrqÞ
or

¼ s rð ÞqðrÞ � 2sqþ 1� s2
� �

q0 ¼ �2s pþ 1ð Þ � 2li
p

� �
q ð85Þ

q0

q
¼

�2sp� 2li
p

1� s2
¼ �2sp

1� s2
þ

� 2li
p

2ð1� sÞ þ
� 2li

p

2ð1þ sÞ ! q ¼ ð1� sÞpþli
p ð1þ sÞp� li

p

ð86Þ

The second angular part obtained using (34), (70), and (86) is given as

ynðsÞ ¼ Bn

ð1� sÞpþli
p ð1þ sÞp� li

p

dn

dsn
ð1� sÞpþli

pþnð1þ sÞp� li
pþn

� �
ð87Þ

The polar wave function obtained from (13), (84) and (87) is

PðsÞ ¼ ð1� sÞ
ðpþ1

2Þ
2 þli

2pð1þ sÞ
ðpþ1

2Þ
2 � li

2pynðsÞ ð88Þ

The total wave function of the system obtained from (40), (44), and (88) is

Wðr; s;uÞ ¼ Bnrc
l0
2rl

0
e�

z
2L

l0þ1
2

nr ðcr2Þð1� sÞ
ðpþ1

2Þ
2 þli

2pð1þ sÞ
ðpþ1

2Þ
2 � li

2pynðsÞeimu ð90Þ

with s ¼ �i cot h, and the energy spectrum is expressed in (57) and (58a).

4.2 Energy Spectrum and Wave Function of Eckart Plus
Poschl-Teller Non-central Potential

The Schrodinger equation for for Eckart plus Poschl-Teller non-central potential is
given as

� �h2

2M
1
r2

o
or

ðr2 o
or
Þ þ 1

r2 sin h
o
oh

ðsin h o
oh

Þ þ 1

r2 sin2 h

o2

ou2

� �
Wðr; h;uÞ

�

þ �h2

2Ma2
V0e

�r
a

1� e
�r
að Þ2

� V1ð1þ e
�r
a Þ

ð1� e
�r
a Þ

 !
Wðr; h;uÞg

þ �h2

2Mr2
jðj� 1Þ
sin2 h

þ gðg� 1Þ
sin2 h

� �
Wðr; h;uÞ

¼ EWðr; h;uÞ ð91Þ
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The three dimensional Schrodinger equation expressed in (12) is solved using
variable separation method by setting w r; h;uð Þ ¼ R rð ÞP hð Þ/ðuÞ so we get

1
R
o
or

ðr2 oR
or

Þ � r2

a2
V0e

�r
a

1� e
�r
að Þ2

� V1ð1þ e
�r
a Þ

ð1� e
�r
a Þ

 !
þ 2MEr2

�h2

¼ � 1
P sin h

o
oh

ðsin h oP
oh

Þ � 1

U sin2 h

o2U
ou2 þ

jðj� 1Þ
sin2 h

þ gðg� 1Þ
sin2 h

¼ k ¼ lðlþ 1Þ
ð92Þ

From (92) we get three differential equations with single variable as following:

1
R
o
or

ðr2 oR
or

Þ � r2

a2
V0e

�r
a

1� e
�r
að Þ2

� V1ð1þ e
�r
a Þ

ð1� e
�r
a Þ

 !
þ 2MEr2

�h2
¼ k ¼ lðlþ 1Þ ð93aÞ

� 1
P sin h

o
oh

ðsin h oP
oh

Þ þ m2

sin2 h
þ jðj� 1Þ

sin2 h
þ gðg� 1Þ

sin2 h
¼ k ¼ lðlþ 1Þ ð93bÞ

and

1
U
o2U
ou2 ¼ �m2 ! U ¼ Ame

imu ð94Þ

The radial part of Schrodinger equation is given as

By setting 2m
�h2
E ¼ ��2, R ¼ vðrÞ

r , applying an approximation for centrifugal term

[14, 15], 1
r2 ffi 1

4a2 d0 þ 1
sinh2 r

2a

� �
for r

2a\\\1 and d0 ¼ 1
12 and changing the

exponential term into hyperbolic function in (93a) we get

d2vðrÞ
dr2

� 1
a2

V0 þ lðlþ 1Þ
4 sinh2 r

2a

� V1 coth
r
2a

þ lðlþ 1Þd0 þ 4a2e2

4

( )
vðrÞ ¼ 0 ð95Þ

By making a coordinate transformation, r ¼ f sð Þ ¼ 2acoth�1ð1� 2sÞ, in (95)
we obtain

sð1� sÞ o
2v
os2

þ ð1� 2sÞ ov
os

þ ðV0 þ lðlþ 1ÞÞsð1� sÞ
sð1� sÞ þ V1ð1� 2sÞ

sð1� sÞ �
lðlþ1Þd0

4a2 þ e2
� �

a2

sð1� sÞ

8<
:

9=
;v

¼ 0 ð96Þ
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From (96) we get

~s ¼ 1� 2s; r ¼ sð1� sÞ ð97aÞ

~r ¼ ðV0 þ lðlþ 1ÞÞsð1� sÞ þ V1ð1� 2sÞ � lðlþ 1Þd0
4a2

þ e2
� �

a2 ð97bÞ

Inserting (18) and (19) into (5) we have

p ¼ �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðV0 þ lðlþ 1Þ � kÞs2 � ðV0 þ lðlþ 1Þ � 2V1 � kÞs� ðV1 � ðlðlþ 1Þd0

4a2
þ e2ÞÞa2

� �s

ð98Þ

Due to the condition that the expression under the square root of (98) must be
square of first degree polynomial, then (98) is rewritten as

p ¼ �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðV0 þ lðlþ 1Þ � kÞs2

p
s� V0 þ lðlþ 1Þ � 2V1 � k

2ðV0 þ lðlþ 1Þ � kÞ
� �

ð99Þ

and the discriminate of the quadratic expression under the square root has to be
zero, that is

ðV0 þ lðlþ 1Þ � 2V1 � kÞ2 þ 4ðV0 þ lðlþ 1Þ � kÞ V1 � ðlðlþ 1Þd0
4a2

þ e2Þa2
� �

¼ 0

ð100Þ

From (100) we get

k ¼ ðV0 þ lðlþ 1Þ � 2ðlðlþ 1Þd0
4a2

þ e2Þa2Þ � 2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðlðlþ 1Þd0

4a2
þ e2Þ2a4 � V2

1

r
¼ A� C

ð101Þ

with

A ¼ V0 þ lðlþ 1Þ and C ¼ 2ðlðlþ 1Þd0
4a2

þ e2Þa2Þ � 2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðlðlþ 1Þd0

4a2
þ e2Þ2a4 � V2

1

r
ð102Þ
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By imposing s0\ 0 we have

p ¼ �
ffiffiffiffi
C

p
s� C � 2V1

2C

� �
and s ¼ 1� 2s� 2

ffiffiffiffi
C

p
s� C � 2V1

2C

� �
ð103Þ

Using (6) and (7) together with the values of k, p, s, and r we get

k ¼ k þ p0 ¼ A� C �
ffiffiffiffi
C

p
ð104Þ

and

kn ¼ �ns0 � nðn� 1Þ
2

r00 ¼ �nð�2� 2
ffiffiffiffi
C

p
Þ þ nðn� 1Þ ð105Þ

By equating equations (104) and (105) we have

A� C �
ffiffiffiffi
C

p
¼ nþ n2 þ 2n

ffiffiffiffi
C

p
! V0 þ ðlþ 1

2
Þ2 ¼ ðnþ

ffiffiffiffi
C

p
þ 1
2
Þ2 ð106aÞ

ffiffiffiffi
C

p
¼ �

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ ðlþ 1

2
Þ2

r
� ðnþ 1

2
Þ

¼ �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
2ðlðlþ 1Þd0

4a2
þ e2Þa2Þ � 2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðlðlþ 1Þd0

4a2
þ e2Þ2a4 � V2

1

rs
ð106bÞ

The proper choice in (106b) that has physical meaning is

ffiffiffiffi
C

p
¼ �

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ ðlþ 1

2
Þ2

r
� ðnþ 1

2
Þ

¼ �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
2ðlðlþ 1Þd0

4a2
þ e2Þa2Þ þ 2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðlðlþ 1Þd0

4a2
þ e2Þ2a4 � V2

1

rs
ð107Þ

and the energy spectrum produced is

E ¼ � �h2

2M

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ ðlþ 1

2Þ2
q

þ ðnr þ 1
2Þ

� �2

4a2
þ V2

1

a2
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ ðlþ 1

2Þ2
q

þ ðnr þ 1
2Þ

� �2 �
lðlþ 1Þd0

4a2

8>>><
>>>:

9>>>=
>>>;

ð108Þ

The energy spectrum of Eckart potential with the absent of Poschl-Teller
potential is produced from (108).
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The first part of the wave function is obtained by using (97a) and (103)

/0

/
¼ p

r
¼ � ffiffiffiffi

C
p

s� C�2V1
2C

� �
sð1� sÞ ¼ � ffiffiffiffi

C
p

1� s
þ C � 2V1

s2
ffiffiffiffi
C

p þ C � 2V1

ð1� sÞ2 ffiffiffiffi
C

p ! /ðsÞ

¼ s
C�2V1
2
ffiffi
C

p ð1� sÞ
Cþ2V1
2
ffiffi
C

p ð109Þ

The weight function of the radial part of the system is obtained using (35), (97a),
and (103)

oðrqÞ
os

¼ sðsÞqðsÞ ! ð1� 2sÞqþ sð1� sÞq0

¼ 1� 2s� 2
ffiffiffiffi
C

p
s� C � 2V1

2C

� �� �
q

that gives

qðsÞ ¼ s
C�2V1ffiffi

C
p ð1� sÞ

Cþ2V1ffiffi
C

p ð110Þ

The second part of the wave function is derived from Rodrigues relation
expressed in (34). By inserting (97a) and (110) into (34) and by setting

ffiffiffiffi
C

p ¼ p, C
is (107) we get

ynðsÞ ¼ Bn

sp�
2V1
p ð1� sÞpþ

2V1
p

dn

dsn
sp�

2V1
p þnð1� sÞpþ

2V1
p þn

n o
ð111Þ

We finally obtain the complete wave functions from (16), (109) and (111) and
with coth r=2að Þ ¼ 1� 2s as

vðsÞ ¼ s
C�2V1
2
ffiffi
C

p ð1� sÞ
Cþ2V1
2
ffiffi
C

p
ynðsÞ; ð112Þ

4.2.1 The Polar Schrodinger Equation Solution

By making a variable transformation cos2h ¼ s in (93b) we get

ð1� s2Þ o
2P
os2

� 1
2
þ 3
2
s

� �
oP
os

� 2½jðj� 1Þ þ m2�ð1þ sÞ
4ð1� s2Þ þ 2gðg� 1Þð1þ sÞ

4ð1� s2Þ � lðlþ 1Þð1� s2Þ
4ð1� s2Þ

� �
P

¼ 0 ð114Þ

The form of (114) is similar to the (12). The orbital momentum number and the
polar wave function are achieved from (114) by applying (12), (13), (16), (17), (22),
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(24), (25), (33)–(35), with the solution steps similar to steps in Sect. 4.1.2 or 4.2.1.
From (114) we have

r ¼ 1� s2 ~s ¼ � 1
2
þ 3
2
s

� �
ð115aÞ

~r ¼ � ½2ðjðj� 1Þ þ m2Þ þ 2gðg� 1Þ � lðlþ 1Þ�
4

þ ½2ðjðj� 1Þ þ m2Þ � 2gðg� 1Þ�s
4

þ lðlþ 1Þs2
4

� �

ð115bÞ

By imposing that s0\0 and applying the condition of (25), then from (25) and
(115a, 115b) we obtain

p ¼ 1� s
4

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lðlþ 1Þ

4
� k þ 1

16

� �s
sþ

½2ðjðj�1Þþm2Þ�2gðg�1Þ
4 � 1

8

2 lðlþ1Þ
4 � k þ 1

16

� �
0
@

1
A ð116Þ

and

f2ðjðj� 1Þ þ m2Þ � 2gðg� 1Þ
4

� 1
8
g2

� 4
lðlþ 1Þ

4
� k þ 1

16

� � ½2ðjðj� 1Þ þ m2Þ þ 2gðg� 1Þ � lðlþ 1Þ�
4

þ 1
16

� �

¼ 0

ð117Þ

The value of k obtained from (117) is

k ¼ lþ 1=2
2

� �2

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
jðj� 1Þ þ m2

p � g� 1=2ð Þ
4

 !2

¼ lþ 1=2
2

� �2

�
ffiffiffi
o

p � ffiffi
t

p� �2
2

ð118Þ

with

o ¼ 2ðjðj� 1Þ þ m2Þ
4

and t ¼ 2gðg� 1Þ
4

þ 1
8
¼ g� 1=2ð Þ2

2
ð119Þ
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By inserting (118) into (116) we have

p ¼ �s
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p þ 1
4

� �
�

ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p þ 1
4

ð120Þ

By using (17), (115a) and (120) we get

s ¼ �2s
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p þ 1
� �

� 2
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p ð121Þ

By using (24), (33), (115a), (118), (120), and (121) we obtain

k ¼ lþ 1=2ð Þ2
4

�
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p
� �2

�
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p þ 1
4

� �
ð122Þ

and

kn ¼ 2n
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p þ 1
� �

þ nðnþ 1Þ ð123Þ

By equating (122) and (123) and also together with (119) we get l and the proper
choice of l given as

l ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
jðj� 1Þ þ m2

p
þ ðg� 1=2Þ þ 2nþ 1� 1=2 ¼

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
jðj� 1Þ þ m2

p
þ gþ 2nl

ð124Þ

The values of p and s corresponding to the proper choice of l are

p ¼ �s
ffiffiffi
o

p þ ffiffi
t

pffiffiffi
2

p þ 1
4

� �
�

ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p þ 1
4

ð120aÞ

s ¼ �2s
ffiffiffi
o

p þ ffiffi
t

pffiffiffi
2

p þ 1
� �

� 2
ffiffiffi
o

p � ffiffi
t

pffiffiffi
2

p ð121aÞ

The first part of the wave function obtained by using (16), (115a) and (120) is

/ðsÞ ¼ 1� sð Þ
ffiffi
o
2

p
ð1þ sÞ

ffiffi
t
2

p
þ1

4 ð125Þ
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The weight function for the second part of the wave function obtained by using
(35) (115a) and (121a) is

qðsÞ ¼ 1� sð Þ2
ffiffi
o
2

p
ð1þ sÞ2

ffiffi
t
2

p
ð126Þ

By using (34), (115a) and (126) we obtain the second part of the polar wave
function which is expressed in term of Jacobi polynomials given as

ynðsÞ ¼ Bn

1� sð Þ2
ffiffi
o
2

p
ð1þ sÞ2

ffiffi
t
2

p dn

dsn
1� sð Þ2

ffiffi
o
2

p
þnð1þ sÞ2

ffiffi
t
2

p
þn

n o
ð127Þ

The total polar wave function achieved from (13), (125) and (127) is given as

WðsÞ ¼ Bn 1� cos 2hð Þ�
ffiffi
o
2

p

ð1þ cos 2hÞ�
ffiffi
t
2

p
þ1

4
dn

dðcos 2hÞn 1� cos 2hð Þ2
ffiffi
o
2

p
þnð1þ cos 2hÞ2

ffiffi
t
2

p
þn

n o
ð128Þ

The total wave function of Eckart plus Poschl-Teller non-central potential found
from (112) and (128) and the corresponding energy spectrum is expressed in (108).

The NU method is method developed based on hypergeometric differential
equation but the application is wider since NU method is also applicable for
problems that usually solved by confluent hypergeometric differential equation as
for 3D harmonics oscillation.
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Charge Transport Mechanism and Low
Temperature Phase Transitions in KIO3

M.M. Abdel Kader, F. El-Kabbany, H.M. Naguib
and W.M. Gamal

Abstract Our report deals with the measurement of some electrical properties,
namely the ac conductivity rðx;TÞ and the complex dielectric permittivity e�ðx;TÞ
in the temperature interval 95 K < T < 280 K and at some selected frequencies
(0.7–20 kHz) for polycrystalline samples of potassium iodate KIO3 using a com-
puterized RLC meter. The improper character of the ferroelectricity over the
mentioned temperature range has been achieved by recording the ferroelectric
hysteresis loops. The temperature dependence of each electrical parameter reveals
that the compound undergoes two phase transitions at T ≈ 258 K and at T ≈ 110 K.
The frequency dependent conductivity seems to be in accordance with the power
law rðx; TÞaxSðTÞ and the trend of temperature dependence of the frequency
exponent s (0 < s < 1) suggests that the quantum mechanical tunneling (QMT)
model is the main mechanism of the charge transport. Comparison with the
behavior of the NH4IO3 in the same temperature range was outlined.

1 Introduction

Potassium iodate KIO3 is a member of the monovalent metal iodate series of the
general molecular formula MIO3 where M stands for Li, Cs, Na, K… and/or NH4.
This series of compounds attracted the attention of investigators due to their
interesting properties. For example, the improper ferroelectric hydrogen-bonded
NH4IO3 undergoes a ferroelectric phase transition at ≈368 K [1–3]. Moreover,
since the compound behaves as a proton conductor, therefore it has some practical
applications such as chemical sensors, electrochromic displays and supercapacitors
[3, 4]. Furthermore, LiIO3 undergoes successive phase transitions and the high
temperature phase behaves as a superionic conductor [5, 6]. Properties such as
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piezoelectric, pyroelectric and non-linear optical effects are common for some
members of this series [7–11].

For KIO3, which is the subject of this article, it is known that most of the
physical properties of the crystals of this compound such as, (dc) dielectric constant
[12] piezoelectric and pyroelectric effects [13, 14], electro-optical behavior [13],
non-linear optical properties [7, 14], ferroelectricity [15, 16] in addition to nuclear
quadruple resonance (NQR) [12] and Raman scattering experiment [17], have been
investigated previously. Later on, some of these properties were discussed [18].
Due to the increasing interest of these properties and the expected applications of
such a material in laser technology, it is logical to re-examine these properties using
more advanced techniques. For example, a somewhat recent work dealing with the
temperature dependence for piezoelectric and ferroelastic properties, using reso-
nance—antiresonance method [19], has been reported. The data indicate that the
compound undergoes successive five phase transitions (I–II, II–III, III–IV, IV–V,
V–VI) at the transition temperatures: T1 = 485 K, T2 = 345.5 K, T3 = 258 K,
T4 = 113 K and T5 = 33 K respectively. Similar behavior was observed earlier [12]
with somewhat slight different in the value of the transition temperature for some
phases. The anomaly that has been observed around ≈150 °C (423 K) by Crane
[14], Herlach [12], Maeda et al. [19] and more recently at (428 ± 2)K by the present
authors [20] has been already explained as a change in electrical conduction
between extrinsic and intrinsic mechanisms [20] and hence it is not related to any
phase transition [19, 20].

Among other things, KIO3 single crystal exhibits noble non-linear optical
properties in all phases [7]. Furthermore, its non-linear optical coefficient in the
room temperature phase (phase III), is the largest between monovalent metal iodates
(MIO3) [7, 21] and is also greater than those of KH2PO4 (KDP), BaB2O4 (BBO)
and LiBrO5 (LBO), which are known as double frequency materials in the ultra-
violet wavelength [22]. Although the presence of ferroelectric domains and twins at
room temperature (phase III) prevents or at least hinders practical applications, yet
using the poling technique and specially after detwenning and domain removal, it
can be used for fabrication of non-linear optical devices [22].

Another point of interest is that the static piezoelectric constants of the single
crystals of KIO3 in phase III are about 50 times greater than those of α-quartz [23].
Due to this large piezoelectric effect, KIO3 is a promising candidate for the fabri-
cation of piezoelectric sensors [24]. Furthermore, the thermal characterization
including specific heat and thermal decomposition in the temperature interval
260 K < T < 600 K were investigated [25] using Perkin—Elmr DSC.

To clarify the dynamic properties of the high temperature phase transition of
KIO3 crystals, the temperature dependence of low frequency (soft) optical modes
was measured by Raman scattering [24]. More recently, detailed polarized Raman
study were performed on KIO3 single crystals over 78.5–553 K [26]. The improper
character of ferroelectricity of the compound was suggested by Ahart et al. [24],
supported by Liu et al. [26] and confirmed by Abdel-Kader et al. [20].

From the accurate measurements of some mentioned properties as a function of
temperature [15, 17, 19, 20, 22–25], it has been reported that, the KIO3 undergoes a
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ferroelectric phase transition around 486 K and several phase transitions as sum-
marized in Table 1. The table shows also the symmetry of some phases of KIO3

Regarding the crystal structure, it is known that the structure of phase III using
the single crystal X-ray diffraction technique, was determined by Crane [14] who
also summarized the results of studies on KIO3 until 1971 [14]. Furthermore, based
on X-ray powder diffraction data, Hamid [27] suggested the space group of phase I

Table 1 Summary of phase transitions in KIO3

Phase
transition

Symmetry Transition
temperature
(TK)

Technique or property References

I–II I
Rhombohederal
(R3 m, Z = 1) [20]
Rhombohederal
(R3, Z = 1) [30]
Rhombohederal
R3m; Z ¼ 2
� �

[18]
Rhombohederal
(R3 m, Z = 2) [17]

485 K Raman Spectroscopy [24]

Elastic and piezoelectric [19]

Detewenning and domain
removing procedure

[22]

Ferroelectricity and
optical properties.

[15]

(486 ± 1) K Ac conductivity [20]

487 K Thermal properties [25]

II–III II
Monoclinic
(Cm, Z = 8) [18]
Monoclinic
(Pm, Z = 4) [17]

345 K Raman Spectroscopy [24]

Ac conductivity [20]

Thermal properties [25]

Ferroelectricity and
optical properties.

[15]

345.5 K Elastic and piezoelectric [19]

345.6 K Elastic properties [23]

343 K Detewenning and domain
removing procedure

[22]

III–IV III
Triclinic
(P1, Z = 4) [31]
Triclinic (P1,
Z = 4) [17]
Triclinic (P1,
Z = 4) [18]

258 K Ac conductivity Present
work

Raman Spectroscopy [17]

Elastic and piezoelectric [19]

IV–V _ 110 K Ac conductivity Present
work

Raman Spectroscopy [17]

113 K Elastic and piezoelectric [19]

V–VI _ 33 K Elastic and piezoelectric [19]
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as R3 m which has not been yet confirmed. He also suggested the symmetry of
phase II and determined the structure of Phase I from intensities taken by photo-
graphic method. It is known that, single crystals X-ray diffraction technique, has
been faced with the some problems due to the existence of ferroelectric and/or
ferroelastic domains [27].

Again single crystal technique has been used by Kalinin et al. [28] and has been
faced with the same problems namely the tendency towards twinning and poly-
morphism [28].

To overcome all these problems, recently Kasatani et al. [29] determined, the
crystal structure of phase I at 530 K using high energy X-ray technique and the
MEM/Rietveld analysis. On the other hand, the high resolution neutron powder
diffraction has been employed for determination of the crystal structure of phase I at
523 K [30], and also phase III at 300 K [31], at 100 and 10 K [32].

We have found that it is of interest to measure the ac conductivity and dielectric
permittivity in the low temperature range 95 K < T < 280 K on polycrystalline
samples. This technique is absent in literature for the title compound. Another
reason for the use of this technique in the present work is the dependence of the
physico—chemical properties of this compound on the method of its recrystalli-
zation. For example, different NQR127 I spectra were found for crystals grown from
water solution with or without HIO3 [33]. Moreover, for crystallization of KIO3

from an aqueous solution containing HIO3 and KIO3 with a ratio of HIO3/KIO3

greater than 7.4 %, crystals of KIO3 and KH(IO3)2 are formed [23].
According to the best of our knowledge, no data on “electrical transport

mechanism” in the investigated low temperature region was reported. Also the
motivation behind the present work, is to compare our data with that of the very
similar compound namely NH4IO3 [34].

In order to discuss the different models for conduction mechanism, the starting
point is that, the total measured ac conductivity σac(total) at a given angular fre-
quency (ω), can be separated into dc and ac components namely:

rac totalð Þ ¼ rdc þ r acð Þ ð1Þ

The ac component σ(ω) is a function of both frequency (ω) and temperature (T)
and may be written as σ(ω, T) whereas the dc component is a function of tem-
perature only. According of Jonscher [35] σ(ω) ∝ ωs(T), therefore

rðxÞ ¼ A(T)xsðTÞ ð2Þ

This is the well known power law [35–43] and has been so widely observed for
highly disordered materials and hence it has come to be known as a universal
dynamic response.

The pre-factor A (T) is a constant and represents the degree of polarizability [38]
and the frequency exponent s (0 < s < 1) describes the interaction (mainly of an
electrostatic type) between the mobile ions with lattice around them or in more
details, and according to the many body interaction model [35, 38], the interaction
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between all dipoles participating in the polarization process is characterized by the
parameter s. A unit value of s implies a pure Debye type interaction. The value of s
decreases with the increase of interaction [38, 41]. The thermal behavior of the ac
conductivity follows Arrhenius relation in most cases.

rT ¼ roexp �E=kTð Þ ð3Þ

where E is the activation energy for the process, k is the Boltzmann’s constant and
σo is constant.

Furthermore, it is known that the complex dielectric permittivity e�ðx;TÞ can be
divided into the real part e0ðx; TÞ and the imaginary part e00ðx; TÞ according to the
equation:

e�ðx; TÞ ¼ e0ðx; TÞ � je00ðx; TÞ ð4Þ

(e0 and e00 are frequency-dependent and represent the charging and loss currents
respectively) [44].

2 Experimental Procedures

2.1 Sample Preparation

The material used in the present work was manufactured by the BDH Chemical
Company Ltd. For electrical and/or ferroelectric measurements, a suitable amount
of the fine polycrystalline powder of the compound, sufficient to prepare 5–6 pellets
was further grained under 2 μm (micronized). The aim of this technique is to
remove the effect of grain size and also to minimize the effect of porosity.

A microanalytical balance, type Sartorius, was used to achieve the equality of masses
between all samples before compressing, (the mass of each sample was ≈0.6 gm). These
samples were pressed under the same pressure (of about 2 × 108 N/m2) so we have
practically identical pellets of thickness ≈2 mm and of diameter ≈1 cm.
Good electrical contact was attained by painting the opposite faces of each pellet with air
drying conducting silver paste. Before any measurements, the samples were inserted into a
dessicator over night to remove any humidity. A sample holder with brass electrodes was
specially designed to fit the present measurements.

2.2 Characterization Techniques

To demonstrate and to check the presence of ferroelectricity at different tempera-
tures, the circuit shown in Fig. 1a, was designed and manufactured in the Science
Technical Center, Cairo University to fit the present measurement. The digital
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storage oscilloscope type Instek GDS-820S, provided with a computerized camera
as connected in the designated circuit shown was used to record ferroelectric
hysteresis loops at different temperatures. Calibration, using triglycine sulphate
(TGS), was carried out just before any actual run.

A computerized LCR bridge type Philips PM6304 was used to determine the ac conduc-
tivity and the dielectric permittivity at some selected frequencies. The bridge measures
precisely the values of R, C, Z, Q… However, in the present work the values of R and C are
converted into conductivity and permittivity using the dimensions of the pellet and a simple
program, since the bridge is interfaced to computer. The dc conductivity was measured by
using an electrometer, type Keithly 614. Data were collected on at least three virgin samples
and the results were found to be quite consistent and reproducible. All measurements were
performed during heating run. The heating rate was 0.5 K/min and the experimental error of
temperature is better than +1 %. All measurements were performed at the thermal equi-
librium. Calibration was done on a standard sample before any actual measurements.

Room Temperature (300K)

T=373K T=480K T=490K
(paraelectric phase I)

T=123KT=98K

(a)

(b)

Fig. 1 a The designated circuit for detecting ferroelectric hysteresis loops. b The D-E hysteresis
loops for KIO3 (Arb. Scale)
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3 Results

3.1 Ferroelectricity

The ferroelectric hysteresis loops (D-E loops) at some selected temperatures in the
range 95 K < T < 280 K have been displayed and recorded on the monitor of
the digital-storage oscilloscope. Two of these loops are shown in Fig. 1b, together
with D-E loops recorded at high temperature up to 490 K where the compound is in
the paraelectric phase. It seems likely that, the saturation in the D-E loops is not
complete. This problem will be discussed later on (in the discussion section). The
existence of this type of D-E loops is an indication that the compound behaves as an
improper ferroelectric material.

3.2 Dielectric Permittivity

The temperature dependence (95 K < T< 280 K) of the real part ε′ of the dielectric
permittivity determined at some selected frequencies (0.7–20 kHz) is shown in Fig. 2.

In general, the value of ε′ depends on both the frequency (f) and temperature (T).
For a given frequency, each curve is characterized by the existence of two anom-
alies: a pronounced peak in the vicinity of T3 ≈ 258 K and a small peak (anomaly)
at T4 ≈ 110 K. Between the two transition regions, the value of ε′ is almost
temperature independent. It is known that, The compound undergoes a ferroelectric
phase transition of an improper character (I–II) at T1 * (486 ± 1) K, a change in the
conduction mechanism at (428 ± 2) K and a structural phase transition (II–III) at
T2 * 345 K.

The variation of ε″, the imaginary part of the dielectric permittivity, as a function
of temperature, 95 K < T < 280 K is shown in Fig. 3a. The frequency range
(1–10 kHz) has been only considered for the purposes of clarity.
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Fig. 2 Temperature dependence of the real part (ε′) of the dielectric permittivity measured at
different frequencies for KIO3
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Apparently, the general trend of this plot is similar to that of ε′-T graph, Fig. 2,
except that the value of ε″ at a given frequency and temperature is much reduced as
compared with the corresponding value of ε′, Fig. 2.

Figure 3b shows the frequency dependence of the imaginary ε″ plotted as ε″
versus ‘nf at some selected temperatures. The plot indicates that the dispersion
increases with increasing temperature and decreasing frequency which is in
agreement with the typical behavior of the dielectric materials.

The variation of the (dielectric loss), tan δ = ε′/ε″ as a function of temperature
(95 K < T < 280 K) measured at some selected frequencies is shown in Fig. 4. The
general trend of the plot indicates also the existence of two phase transitions at the
above mentioned temperatures and are reflected as two peaks.
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Fig. 3 a Temperature dependence of the imaginary part (ε″) of the dielectric permittivity
measured at different frequencies for KIO3. b Relation between ε″ versus ‘nf at different
temperatures for KIO3
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3.3 Electrical Conductivity

Obviously the conductivity depends on both, the temperature and the frequency.

3.3.1 Temperature Dependence

The ac conductivity σ(ω) as function of temperature, 95 K < T < 280 K and
frequency 0.7–20 kHz, plotted as ‘n(σT) versus 1/T is shown in Fig. 5. The
behavior of σ seems to be in accordance of Arrhenius relation. For a given fre-
quency, and as the temperature increases from about 95 K, the first broad peak is
observed at ≈258 K. The other phase transition is found at ≈110 K. Between the
two transition regions the behavior of σ obeys Arrhenius relation.
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Fig. 4 Temperature
dependence of tan δ measured
at different frequencies for
KIO3
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3.3.2 Frequency Dependence

The variation of ‘nσ versus ‘nω at different temperatures is shown in Fig. 6.
The plot is consists of a series of straight lines of different slopes. The slope of

each line gives the value of s, where s ¼ ðo ln r
o ln xÞT¼const: at that temperature. The

temperature dependence of s is shown in Fig. 7. Apparently, s is practically tem-
perature independent except for in the phase transition regions.

Figure 8 shows the variation of the pre-exponential factor (A) with temperature,
plotted as ‘n A versus T. The behavior of the plot indicates also the existence of two
phase transitions at the same mentioned temperatures (258 and 110 K) which are
reflected in the graph shown as “inverted peaks”.

-16.5

-16

-15.5

-15

-14.5

-14

8 8.5 9 9.5 10 10.5 11

ln ω

ln
σ

T=  95 K
T=  97 K
T=  99 K
T=  102 K
T=  104 K
T=  106 K
T=  108 K
T=  110 K
T=  112 K
T=  116 K
T=  121 K
T=  125 K
T=  129 K
T=  134 K
T=  138 K
T=  144 K
T=  150 K
T=  155 K
T=  160 K
T=  166 K
T=  171 K
T=  177 K
T=  182 K
T=  187 K
T=  193 K
T=  198 K
T=  203 K
T=  209 K
T=  214 K
T=  219 K
T=  225 K
T=  230 K
T=  236 K
T=  241 K
T=  246 K

Fig. 6 Double logarithmic plot (‘nσ vs. ‘nω) for KIO3
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4 Discussion

The values of the transition temperatures T3 (III–IV) = 258 K and T4 (IV–-
V) = 110 K of the present work was found to be consistent with those found by
previous workers (Tables 1 and 2). For example, from his previous investigation of
the ferroelectricity in KIO3 single crystal, Salje [17] observed two phase transitions
in the low-temperature region at ≈−15 °C (258 K) and at −163 °C (110 K).

Furthermore, Ivanov et al. [15] studied the temperature dependence of the optical
axes angle 2v, the birefringence in the z-cut δn(z) and the spontaneous polarization
axes Psf in a wide temperature range and they observed that at T = −15 °C (258 K)
all three curves [(2v (T), δn(z)(T) and Psf (T)] exhibit only breaks and thus they
suggested that this transition is to be of a second order. Moreover, although Ivanov
et al. [15] did not investigate the phase transition (ΙV–V) in detail, yet they observed
a regular quantitative change of the domain pattern which confirms the existence of
a transition with a lowering of point symmetry. Moreover, they demonstrated the
existence of ferroelectricity in the compound at the liquid nitrogen temperature
−195 °C (78 K) by observing the D-E hysteresis loops which was found to be clear
at that temperature and thus they concluded that phase V behaves as a ferroelectric
which is in a good agreement with the present work and also with the work of
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-21

-20
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n 
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TKFig. 8 Variation of ‘n A
versus T for KIO3

Table 2 Summary of the crystal structure at some selected temperatures for the compound KIO3

Temperature
(K)

Crystal data Technique References

530 Rhombohedral,
R3 m, Z = 1

High energy X-ray powder
diffraction MEM/Reitveld analysis

[29]

523 Rhombohedral,
R3, Z = 1

Neuton powder diffraction
technique (Rietveld method)

[30]

Room
temperature

Triclinic symmetry Single crystal X-ray diffraction [28]

523 Triclinic, P1, Z = 4 Neutron powder diffraction
technique

[31]

300 Triclinic, P1, Z = 4 (Rietveld method) [32]
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Herlach [12], where the crystal remains ferroelectric below 485 K [12]. In some-
what recent work Maeda et al. [19] demonstrated the existence of low temperature
phase transitions at T3 = −15 °C (258 K) and T4 = −160 °C (113 K). A similar
behavior has been observed for NH4IO3 where the compound undergoes a ferro-
electric phase transition at ≈368 K and behaves as a ferroelectric material below
368 K down to liquid nitrogen temperature [34].

Among other things, although some investigators have been reported on the low-
temperature phase transitions in KIO3, through the study of the temperature
dependence of some parameters, yet, the only crystal structure of the low tem-
perature is that determined by Lucas [32]. The data do not show significant change,
on the atomic level, relative to that of the room temperature, i.e. no strong evidence
for low temperature structural phase transitions. As we mentioned above, the
temperature dependence of some properties show detectable change at ≈258 K and
at ≈110 K. This inconsistence is not a major problem, since the structural phase
transitions that involve only minor changes in atomic positions are not easy to
detect [45]. Potassium chlorate KClO3 represents an example of a crystal with a
reported phase transition with very small structural change where the atomic
arrangement and coordination above and below the phase transition are identical
[45]. The same conclusion was also given by Brooker et al. [46]. From Raman
studies of the phase transition in KClO3, they observed that the difference in the
vibrational spectra of the two phases was very small and hence the transition (at
545 K) involved only mainor rearrangement of the ClO3 ion. Similar saturation may
exist for the KIO3 since the two compounds (KIO3 and KClO3) are members of
halate series of the general molecular formula MXO3 where (X = Cl, Br and I).

From the crystal structure point of view [29–31], the I and O atoms exist in the
crystals as IO3 molecules rather than the IO6 complex. In other words unlike the
typical perovskite structure of ABO3 ferroelectrics where six O atoms form O6

octahedron surrounding, a B atom each I atom in KIO3 has three nearest O atoms
forming an IO3 molecule [26].

At this stage, it is necessary to mention that although there is a good agreement
between different authors that the compound undergoes two phase transitions in the
temperature interval 95 K < T < 280 K, yet there is a discrepancy concerning
the nature and/or the exact mechanism of these transitions. Some authors consider
these transitions to be associated with the orientational glass transitions [19]. Other
authors [46] proposed that these transitions might be associated with the structural
changes of domain which is generally independent on atomic arrangements.

The present work tries to construct a bridge or link between different visions. The
motion and/or the change of the structure of ferroelectric domains with temperature
was first suggested by Byrom and Lucas [30]. On the other hand, and in a similar
way to the role of ClO�

3 as the main cause of the structural phase transition in the
KClO3 compound, one cannot neglect the effect of the reorientational motion of the
IO�

3 , since, as we mentioned above, the spatial correlation between IO�
3 decreases

with increasing temperature [29]. Thus the thermal energy at each transition tem-
perature may be enough to cause the change of the structure of ferroelectric domains
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and at the same time initiate (stimulate) the orientational motion of the IO�
3 and

hence a very slight rearrangement of the molecule with a very minor change in the
atomic position in a way similar to that observed in the KClO3 [45, 46].

It is of interest to mention here that even for the structural phase transition of the
KIO3 that have been observed at *487 K which is associated with the ferroelectric
phase transition, the two X-ray diffraction patterns above and below the mentioned
transition temperature are very similar [30]. In our vision, the exact mechanism of
the low temperature phase transition is a future problem and requires the use of the
high energy X-ray (synchrotron) powder (and not single) technique which is
beyond the scope of the present work.

For the problems of unsaturated D-E hysteresis loops shown in Fig. 1, it is
known that the compound behaves as an “improper ferroelectric material” [20,
24–26] and not as (usual) ferroelectrics. The characteristic features of the improper
ferroelectric are [47, 48]:

(i) a very slight change of dielectric constant near Tc
(ii) a low spontaneous polarization

Logically, the spontaneous polarization is not the order parameter and not
proportional to it as in the case of proper ferroelectrics. The factor (ii) is the most
responsible for the unsaturation in the D-E hysteresis loops. The case of KIO3 is
very similar to the improper ferroelectric NH4IO3 where the D-E hysteresis loops in
the ferroelectric phase are also unsaturated [34, 49].

Regarding the charge transport mechanism in different phases, it is known that the
three main processes that contribute significantly to the ac conductivity [37, 50, 51]
are the quantum mechanical tunneling QMT, the correlated barrier hopping (CBH),
and the small polaron tunneling (SPT).

For QMT model, the value of s is given by

s ¼ 1 � 4
ln ðtphx Þ

¼ 1 � 4
ln ð 1

xsÞ
ð5Þ

whereas for (CBH) model, we have

s ¼ 1� 6 kT
E0 � ln ðtphx Þ ¼ 1� 6 kT

E0 � ln ð 1
xs Þ

ð6Þ

and finally for the (SPT),

s ¼ 1� 4
ln ð 1

xsp
Þ � wH=kT

: ð7Þ

The symbols in (5), (6) and (7) take their conventional meanings where k is
Boltzmann’s constant, E0 is the optical energy band, t is the frequency of the
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phonon. sp is the relaxation time of the polaron (of the order of 10−13 s) and wH is
the activation energy involved in the electron transfer process between a pair of
states. Moreover, the value of s in (5) is temperature independent, whereas in (6) s
decreases with increasing the temperature and is less dependent on the frequency.
For SPT, (7) predicts that, s increases as T increases.

Referring to Fig. 7, where s is plotted as a function of temperature, it is clear that
the value of s is practically temperature independent i.e. in accordance with (5).
Thus, the QMT model is the most likely one in this range of temperature. Moreover,
if we put υph (*10−13 s−1 and x * 104 rad/s) [37] into (5), then the value of
s * 0.76, which is in a good agreement with our experimental value, Fig. 7.

Furthermore, for QMT model, the value of rðxÞ as given by Auston and Mott
[52] and Efros [53] is

r xð Þ ¼ g
3
e2kT N(EfÞðTÞ

h i2
a�5x lnðtph

x
Þ

h i4
ð8Þ

where:
e is the charge of electron,
T is the absolute temperature,
N(Ef) is the density of energy states near the Fermi level,
α is the electron wave function decay constant 1 Å [34],
υph is the phonon frequency, and
η is a constant.

Equation (8) predicted that, there is a linear relation betweenx and rðxÞ
lnðtphx Þ½ �4 such

a relation is presented in Fig. 9, which again confirm (8) where a series of almost
straight lines of different slopes are observed. Thus the QMT model is the best one
that describes the conduction mechanism in the investigated temperature region.
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5 Conclusion

The present data indicate that in the investigated low temperature region
95 K < T < 280 K, the compound remains ferroelectric (of an improper character)
where the ferroelectric hysteresis loops, of quite insufficient saturation, are observed
clearly over the mentioned temperature intervals. This is also the case for the similar
compound NH4IO3 where it undergoes a ferroelectric phase transition of an
improper character at ≈368 K and remains ferroelectric down to liquid nitrogen
temperature. For the compound KIO3, the behavior of the temperature dependences
of all electrical parameters confirms and supports each other and indicates clearly
that compound undergoes two structural phase transitions at T3 ≈ 258 K and at
T4 ≈ 110 K over the mentioned temperature range. It is known that the iodine and
oxygen atoms in the present compound exist as IO3 rather than as IO6 complex and
the spatial correlation between IO3 becomes weak with increasing temperature. The
thermal energy (kT) at the transition temperature is enough to cause the rear-
rangement of IO3 molecules in a way similar to the case of KClO3. The thermal
energy also causes an observable change in the structure of ferroelectric domain.

Regarding the electrical conduction, in the investigated low temperature region,
the QMT model seems to be the main mechanism for the charge transport. This is to
be expected, since this model usually exists in the low temperature range.

The low and high phase transitions as well as the change in conduction mech-
anism at (428 ± 2)K are shown in the following scheme. The values of the transition
temperatures are taken from [20] and the present work except for transition at
T = 33 K is taken from [19].

T1T2T3T4T5
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Low Power Transmitter for Capsule
Endoscope

De Xing Lioe, Suhaidi Shafie, Harikrishnan Ramiah, Nasri Sulaiman
and Izhal Abdul Halin

Abstract This chapter presents the design technique of low power transmitter for
the medical application of capsule endoscope. Considering the loss against fre-
quency in a body wireless communication, ISM band of 434 MHz is employed in
the design of the transmitter. This band has lower loss and relatively higher data rate
compared to other standards. Inductorless architecture was adopted in the circuit
design to reduce the circuit area, thus contribute to the reduction of capsule size.
The core component of transmitter, the up-conversion mixer and ring oscillator is
designed using CMOS 0.13 µm technology with voltage supply of 1.2 V. Both the
mixer and ring oscillator consumes 1.57 mA of current, brings the dc power con-
sumption of the transmitter to be 1.88 mW. Data rate of 3.5 Mbps ensure it can
transmit high quality medical imaging. The proposed up-conversion and ring
oscillator achieved low power and less area while still having the good perfor-
mance. This achievement makes circuit integration for low power transmitter
realizable.

1 Introduction

Conventional endoscopy is the process of diagnosing and examining gastrointestinal
tract of the patients, which is conducted by either inserting a tube through the mouth
(gastroscopy) or through rectum (colonoscopy). A camera is mounted at one end of

De Xing Lioe (&) � S. Shafie � N. Sulaiman � I.A. Halin
Department of Electrical and Electronic Engineering, Faculty of Engineering,
Universiti Putra Malaysia, 43400 Serdang, Selangor, Malaysia
e-mail: dexing@ieee.org

S. Shafie
e-mail: suhaidi@eng.upm.edu.my

H. Ramiah
Department of Electrical Engineering, Faculty of Engineering, University of Malaya,
50603 Kuala Lumpur, Malaysia

© Springer Science+Business Media Singapore 2015
F.L. Gaol et al. (eds.), Recent Trends in Physics of Material Science and Technology,
Springer Series in Materials Science 204, DOI 10.1007/978-981-287-128-2_7

111



the endoscope and images are taken and sent to a display monitor. This is an effective
way of diagnosis but the disadvantages are it causes pain and uncomfortable to the
patients. Patients undergo gastroscopy may suffered from mild sore throat or feeling
of distention from the insufflated air that was used during the procedure. On the other
hand, colonoscopy causes discomfort and pain to the patients as the tube needs to be
pushed into the intestine. Apart from the discomfort, conventional endoscopes have
its’ limitation, where it was not able to fully evaluate the disorder in the small
intestine [1]. This is due to small intestine is very long and convoluted, therefore no
available scopes are able to traverse the entire length of small intestine [2], resulted
in some small intestine diseases to be hardly diagnosed (Fig. 1).

The evolution of endoscopy started around 10 years ago when Given Imaging
produced the first ever capsule endoscope named M2A [3], thanks to advancement
of the technology of CMOS image sensor, application specific integrated circuit
(ASIC) devices, as well as white light emitting diode (LED) [4]. Generally a
capsule endoscope is made up of a tiny camera, a lens, LEDs, battery and a wireless
transmitter. A suspected gastrointestinal tract patient can now swallow a capsule
size camera which takes images in the body and transmit to a receiver worn around

Fig. 1 Small intestine in
human body
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the waist, so to allow later evaluation by physician. The whole process usually takes
about 6–8 h, but the patients are allowed to move freely during the process.
Compared to conventional endoscopy, capsule endoscopy is a painless and non-
invasive alternative. This method has proven to successfully diagnosed diseases
which are unsuccessfully done using other diagnosis methods [5–7].

Few other companies have since introduced their own capsule endoscope such as
EndoCapsule of Olympus, MicoCam of IntroMedic and OmOm from China.
Despite the commercialization of these capsule endoscopes, still, there are many
technical aspects that can be improved [8]. Many researches have been conducted to
achieve better image resolution, higher frame rate, and longer process time, which
are the three major properties lacking in current capsule endoscope, as well as some
extra functions [9–12]. Poor quality of image may cause diagnosis error by physi-
cians, or physicians might be unsure of the real situation causing a waste in capsule
endoscopy. Certain part of the interested area in small intestine might be accidentally
skipped if the frame rate is too low, therefore it is important for a higher frame rate.

Most of the constraints on a capsule endoscope can be overcome if the battery
life is sufficient. Since the available battery capacity for this particular application is
very stringent due to its size limitation, a very low power consumption circuitry is
highly essential. Prolonged battery life enabled the capsule endoscope to operate
longer than average full process time in case of rare sequence where it takes much
longer time for the capsule to travel through the entire body. Apart from that,
improved functionalities may be added with having a longer battery life, such as
microactuator for microbiopsy, two way communications to control the movement
of capsule in the body, stopping mechanism to allow physician to monitor on
gastrointestinal tract etc.

Transmitter of a capsule endoscope contributes the major power consumption
towards the overall power usage, apart from image sensor. Power consumption of
the capsule endoscope can be largely reduced if the transmitter is designed to be
more efficient. Several researches show relatively high power consumption in the
transmitter circuit, as well as commercially available capsule endoscopes provide
only frame rate of two frames per second due to power constraint.

2 Imager Selection

The most important part in capsule endoscopy system is the image sensor chip
which converts the reflected photon in term of voltage data. CMOS image sensor
with global shutter [13, 14] is preferable for capsule endoscope since it promise low
power consumption and can reduce the effect of the motion artifact. The motion
artifact occurs when a moving object is captured by a camera with rolling shutter or
when a moving camera with rolling shutter captures a still image. The produced
image will be distorted as shown in Fig. 2. Then, the CMOS image sensor with
wide dynamic range [15, 16] is also preferable in order to have the detail in the
image of the captured object. However the processing must be on chip since the
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number of output bits also is selected to be 8-bits in order to reduce the transmission
data rates. The output data of selected image sensor is preferable to be in digital
scheme rather than analog since it will be succeeded into transmitter block. The
8-bits data is then converted to serial data and succeeded to the transmitter. Serial
data communication has been selected to reduce the transmission power and die
space on designed transmitter. It also promise accurate data at receiver parts since
the parallel data communication may suffer data mismatch and skew at the receiver.

3 Design Consideration

Designing the system aims at optimizing each and every one of the crucial char-
acteristics, basically with the trade off of power consumption versus performance,
where the performance includes image size, bit depth, frame rates, which sums up
to be the data rate. The balance of both criteria of performance and power con-
sumption has to be reached so that a quality capsule endoscope system is designed.

3.1 Carrier Frequency

There are a few commercially available capsule endoscopes and many researches
been done on capsule endoscope. But up-to-date there is no standard available for
the usage of capsule endoscope, which means that the creator or the researcher can
determine their intended carrier frequency.

Federal Communications Commission (FCC) has allocated a frequency band of
402–405 MHz for Medical Implant Communications Service (MICS) in year 1999
[18]. After the introduction of this frequency band, it has been widely used in
wireless implantable medical devices. MICS has very strict requirements to be
followed, one of them is allowing transmission only up to 500 kbps, which is too
low to address for the problem of low image quality and low frame rate of current
capsule endoscope.

Fig. 2 Distorted image
captured by CMOS image
sensor with rolling shutter
[17]
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Besides MICS, Wireless Medical Telemetry Services (WMTS) is another stan-
dard for wireless medical devices, with frequency range from 608 to 614 MHz
However WMTS is heavily used and this band is only applicable to healthcare
services in the United States [19]. The carrier frequency choices that were reported
ranges from 20 MHz to 5 GHz, dependant on the modulation scheme, such as
frequency shift keying (FSK), phase shift keying (PSK), on-off keying (OOK),
amplitude shift keying (ASK) etc., and transmission techniques [10, 20–24].

Little study has been conducted on the selection of carrier frequency for this
specific application of wireless capsule endoscope. From one of the research con-
ducted, it shows that for similar power consumption, lower frequencies capsules
tend to have better carrier signal-to-noise ratio (CSNR) on top of having smaller
form factor [25]. Even though there is a trade-off between antenna size and
wavelength, but carrier frequency below 500 MHz is favourable, moreover with
doubt over the validity of this trade-off in the near-field transmission [26].

Figure 3 shows the relationship between radiation loss, attenuation loss, antenna
loss, and total loss with frequency [27]. The graph shows that combination of all
losses is minimal at the frequency range of 400–900 MHz. In this case, the pro-
posed carrier frequency is taken to be 433.92 MHz, with range of
433.05–434.79 MHz, which is one of the Industrial, Scientific, Medical (ISM)
band. This frequency fits in the outcome of the previous studies done, do not have
limitation regarding to the allocation of transmission bandwidth, and no restriction
on modulation method.

3.2 Power Consumption

The most essential aspect which gives the capsule endoscope to keep functioning is
the power consumption. Considering it is a battery operated device, power man-
agement of the system must be well planned. Taking consideration into the size,
two batteries of type SR927 W with dimensions of 9.5 mm × 2.73 mm is chosen.

Fig. 3 Loss against
frequency for in-body
wireless communications [27]
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The capacity for this type of battery is 60 mAh at 1.2 V. In order for the battery to
last 8 h of continuous usage, maximum total power consumption has to be restricted
not more than (60 mAh/8 h) × 1.2 V × 2, equivalent to 18 mW. Dividing the power
consumption into functional area of lighting, camera and other supporting circuits
which took approximately 8.5 mW [23], the power consumption of the transmitter
of the system has to be within 9.5 mW.

3.3 Imaging Quality

Resolution, bit depth, frame rates and data rates all combine to determine the
quality of the capsule endoscopy imaging, which essentially is the main objective of
diagnosis. Poor quality of imaging would bring to uncertainty of diagnosis and
leads to time and financial loss. Resolution of the image should be large enough to
be examined by physicians without doubt. The proposed resolution for the system
is Quarter Video Graphics Array (QVGA) where the pixel size is 320 × 240 pixels.
Frame rate of the camera is set to be five frames per second (fps) in order not to
miss any intestinal area in concerned, contrast to 2 fps used in other work [20].
Flashes of lighting in synchronous with the frame rate is to be used in order to keep
the power consumption low. Bit depth is another important attributes as difference
in colour in intestine leads to discovery of diseases. 8 bits of colour is used in the
design of the system to produce high quality imaging. Coming together with the
mentioned characteristics, the data rate needed would be 320 × 240 × 5 × 8, which
is equivalent to 3 Mbps. The transmitter of the system is designed to cater for data
rate of 3.5 Mbps, compare to existing system of 1–2 Mbps [21, 26].

4 Proposed Transmitter

Wireless capsule endoscope architecture consists of LEDs for lighting, image
sensor, battery, transmitter and antenna, as shown in Fig. 4. The building block in
interest is the transmitter where it accounts for large percentage of the total power
consumption and determines the quality of transmission. The proposed transmitter
adopted direct conversion transmitter architecture which has simple signal path,
thus making it attractive due to its low complexity circuit architecture and high level
of integration. The signal from image sensor, baseband signal, is up-converted to
RF signal directly in one step. RF signal can be directly connected to an antenna for
transmission. This avoids the common problem of LO pulling caused by the power
amplifier. The simplicity of the direct conversion transmitter has the benefit of high-
integration, reduced chip area and cost, and low power consumption, especially
without the need of power amplifier for such short distance transmission [20, 22].
This makes direct conversion transmitter a good choice when the requirement for a
capsule endoscope transmitter is low power and small size.
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4.1 Mixer

Figure 5 shows the direct conversion transmitter architecture which consists of a
mixer and local oscillator. Mixers can be classified as either an active mixer or a
passive mixer. The difference is that active mixers in general have conversion gain
while passive mixers have conversion loss. Active mixers are normally used in
transmitter application due to higher conversion gain, which is one of the design
considerations for transmitter. Other considerations for designing an up-conversion
mixer are noise figure, linearity and dynamic range.

Since conversion gain is in consideration for the up-conversion mixer, an active
mixer is favoured over passive mixer. Types of active mixer are single device,
single-balanced and double-balanced. The simplest design of active mixer is the
single device mixer, having the advantage of less component counts. The simplicity
however causing the mixer to having a poor port-to-port feed-through performance
[28]. This phenomenon is undesirable in a mixer. The concept of balanced mixers is
introduced to perform desired signal cancellation of the component of output signal.

Image Sensor

Battery

Transmitter

LEDs

Antenna

Fig. 4 Simplified overall
system of the capsule
endoscope

Antenna

Signal from 

image sensor

LO

Mixer

Fig. 5 Transmitter
architecture
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A single baseband signal is fed together with differential LO signal. The mixing of
these signals resulted in the desired up-converted frequency as well as undesirable
LO feed-through component. Baseband feed-through is cancelled out in the mixing
process.

Signal cancellation concept is further advanced to form the double-balanced
mixer. Double-balanced mixer offers both LO and baseband signal cancellation.
The basic double-balanced mixer is the classic Gilbert cell mixer. The advantage of
double-balanced mixer over the single-balanced counterpart is the isolation of all
the ports in mixer, increases linearity and less susceptible to supply voltage noise.
Since the architecture is twice as large as the single-balanced mixer, the power
consumption is also increased, but this trade-off is worth in terms of mixer per-
formance. The classic Gilbert cell mixer is however not suitable to achieve a good
performance in low supply voltage and low power consumption due to the stacked
transistors architecture.

4.2 Local Oscillator

An inductor paralleled with capacitor make up the resonator or the LC tank. LC
tank alone is not a good oscillator as the amplitude of oscillation decays due to loss
in the form of resistance heat. An active circuit is therefore needed in the circuit to
compensate for this loss to ensure the oscillator will oscillate indefinitely and a
steady-state oscillation is reached. The negative resistance introduced by the active
circuit need to be equal to the resistance heat for the sustained oscillation. LC
oscillators generally have the advantage of better phase noise compared to other
oscillator such as ring oscillators. The advantage of the better phase noise however
comes along with a setback of larger chip area for the implementation of LC
oscillator due to the usage of inductors.

Another commonly used topology to implement a VCO is the ring oscillator. A
ring oscillator can be implemented in single-ended architecture or differential
architecture, consists of a number of gain stages. A single-ended architecture is an
inverter based and constructed with a cascade of odd numbers of CMOS inverters
while differential ring oscillator can be constructed using a differential pair with
symmetric loads. The phase noise of differential ring oscillator is higher than that of
the single-ended oscillator. Despite the disadvantage of having higher phase noise
compare to single-ended ring oscillator, differential ring oscillator is preferred in
most applications due to the lower sensitivity to substrate and supply noise, and also
lower noise injection into other circuits on the same chip [29]. Phase noise
requirement for this near-field targeted application is not essential due to low
regulated power and short communication distance [30]. This further strengthens
the advantage of differential ring oscillator towards single-ended ring oscillator. The
less stringent requirement for phase noise also makes the differential ring oscillator
a better choice than LC oscillator, in addition to the ability of ring oscillator to be
highly integrated in a chip, where die area can be significantly reduced.
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5 Results

The transmitter circuit has been designed and simulated using 0.13 μm CMOS
technology. The layout of the active mixer and ring oscillator is as shown in Fig. 6
with die area within 1 mm × 1 mm. The small area is important for achieving highly
integrated circuit with optimized performance. The choice of using mixer and ring
oscillator which are without inductors greatly contributes to the minimization of die
area.

The combination of mixer and ring oscillator consumes 1.57 mA of current with
voltage supply of 1.2 V which translates to power consumption of 1.88 mW. The
resulted power consumption is way below the targeted power performance of
9.5 mW. The achievement of low power consumption enables complete diagnosis
without interruption of possible power failure. Apart from that, the reduction of
power consumption can be utilized for other blocks of the system, which conse-
quently able to boost the overall performance of the system. Figure 7 shows the
simulated output waveform of the transmitter. Performance of the designed trans-
mitter is shown in Table 1.

Fig. 6 Layout of the designed mixer and ring oscillator
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6 Conclusions

Low power transmitter for wireless capsule endoscope has been designed which
achieves the purpose of low power consumption and high data rate for high quality
medical imaging. It offers higher frame rates by having higher data rates of
3.5 Mbps than other works done and better imaging quality which could improves
the diagnosis accuracy and acceptance among surgeons and patients. The low
power design of 1.88 mW ensures the capsule endoscope works without power
failure for the whole diagnosis, as well as enables more voltage headroom to other
parts of capsule endoscope system.
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Romanovski Polynomials Method
and Its Application for Non-central
Potential System

A. Suparmi and C. Cari

Abstract The approximate analytical solution of Schrodinger equation for Eckart
potential plus with trigonometric Poschl-Teller noncentral potential and trigono-
metric Rosen-Morse non-central potential systems are investigated using Roma-
novski polynomials. The approximate bound state energy eigenvalue of the first
system is given in the close form and the corresponding approximate radial eigen
functions is formulated in the form of Romanovski polynomials while the angular
wave function is also expressed in Romanovski polynomials. The effect of the
presence of trigonometric Poschl-Teller potential increases the angular wave
function level. The presence of non-central potentials cause the orbital quantum
numbers are mostly not integer.

1 Introduction

Schrodinger equations for a class of shape invariant potentials have been solved by
using some methods such as SUSY WKB (SWKB) [1–4], SUSY operator and fac-
torization method [5–9], NUmethod [10–14] and Romanovski polynomials [15–18].
Romanovski polynomials, which is a traditional method, consists of reducing
Schrodinger equation by an appropriate change of the variable to the form of
generalized hypergeometric equation [19]. The solution steps of Romaovski poly-
nomials are rather similar to the steps applied in solution of Schrodinger equation by
using NU method [20, 21], which is discussed in Chap. 5, and hypergeometric
differential equation. The polynomial was discovered by Sir Routh [22] and redis-
covered 45 years later by Romanovski [23]. Romanovski polynomial method is also
called as finite Romanovski polynomial. The notion “finite” refers to the observation
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that, for any given set of parameters (i.e. in any potential) only a finite of polynomials
appear orthogonal [24]. However the polynomial will not be finite if the certain
condition is not satisfied and then leads to an infinite of polynomials that show
orthogonal. It seems that NU and Romanovski polynomials methods are very similar
in the way of variable substitution but they solve Schrodinger equation differently.
NU method is applied wider than Romanovski polynomials since Romanovski
polynomials could not be applied for potential solved using confluent hypergeo-
metric differential equation.

In this chapter we discuss the Schrodinger equation solution for a particle which
is in the field of Eckart potential with simultaneously presence of Poschl-Teller non-
central potential and the polar Schrodinger equation for trigonometric Rosen-Morse
potential using Romanovski polynomials. A non-central potential is potential as a
function of radial and angular positions, it could be composed of radial function
potentials and non-central potentials which are shown in Chap. 5. The simple
choice of non-central potential is the separable potential [25–27]. The three
dimensional Schrodinger equations of separable non-central potentials are exactly
solvable as long the centrifugal term is approximated by hyperbolic function,
trigonometric function or exponential function [28–32]. Due to the approximation
of the centrifugal term, the energy spectra and the radial wave functions are
approximately obtained for l-state solution and becomes exact solution for s-wave.

2 Romanovski Polynomials

One dimensional Schrodinger equation of potential of interest reduces to the dif-
ferential equation of Romanovski polynomials by appropriate variable and wave
function substitutions. The one dimensional Schrodinger equation is given as

� �h2

2M
o2 WðxÞ
o x2

þ VðxÞWðxÞ ¼ EW ðxÞ ð1Þ

where V(x) is an effective potential which is mostly shape invariant potential. By
suitable variable substitution x = f(s) (1) changes into generalized hypergeometric
type equation expressed as

o2 WðsÞ
o s2

þ ~sðsÞ
r ðsÞ

oWðsÞ
o s

þ ~r ðsÞ
r2ðsÞW ðsÞ ¼ 0 ð2Þ

with rðsÞ and ~rðsÞ are mostly polynomials of order two, ~sðsÞ is polynomial of
order one, of s, rðsÞ, ~rðsÞ, and ~sðsÞ can have any real or complex values [21].
Equation (2) is solved by variable separation method. By introducing new wave
function in (2) we obtain a hypergeometric type differential equation, which can be
solved using finite Romanovski polynomials [16, 17, 21] which is expressed as
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rðsÞy00ðsÞ þ sðsÞy0ðsÞ þ kyðsÞ ¼ 0 ð3aÞ

with

rðsÞ ¼ as2 þ bsþ c; s ¼ fsþ h and � nðn� 1Þ þ 2nð1� pÞf g ¼ k ¼ kn ð3bÞ

Equation (3a) is described in the textbook by Nikiforov-Uvarov [21] where it is
cast into self adjoint form and its weight function, w(s), satisfies Pearson differential
equation

dðrðsÞwðsÞÞ
ds

¼ sðsÞwðsÞ ð4Þ

The weight function, w(s), is obtained by solving the Pearson differential
equation expressed in (4) and by applying condition in (3b), that is

wðsÞ ¼ expð
Z ðf � 2aÞsþ ðh� bÞ

as2 þ bsþ c
dsÞ ð5Þ

The corresponding polynomials are classified according to the weight function,
and are built up from the Rodrigues representation which is presented as

yn ¼ Bn

wðsÞ
dn

dsn
as2 þ bsþ c
� �n

wðsÞ� � ð6Þ

with Bn is a normalization constant, and for rðsÞ[ 0 and w(s) > 0, yn(s)’s are
normalized polynomials and are orthogonal with respect to the weight function w
(s) within a given interval (s1, s2), which is expressed as

Z1
�1

wðsÞynðsÞyn0 ðsÞds ¼ dnn0 ð7Þ

For Romanovski polynomials, the values of parameters in (3b) are:

a ¼ 1; b ¼ 0; c ¼ 1; f ¼ 2 1� pð Þ and h ¼ q with p[ 0 ð8Þ

By inserting (8) into (5) we obtain the weight function as

wðsÞ ¼ expð
Z ðf � 2aÞsþ ðc� bÞ

as2 þ bsþ c
Þ ¼ expð

Z ð2� 2p� 2Þsþ q
s2 þ 1

dsÞ

wðsÞ ¼ ð1þ s2Þ�peq tan
�1ðsÞ

ð9Þ

This weight function first reported by Routh [19] and then by Romanovski [23].
The polynomial associated with (9) are named after Romanovski and will be
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denoted by Rðp;qÞ
n ðsÞ. Due to the decrease of the weight function by s�2p, integral of

the type

Z1
�1

wðp;qÞRðp;qÞ
n ðsÞRðp;qÞ

n0 ðsÞds ð10Þ

will be convergent only if

n0 þ n\2p� 1 ð11Þ

This means that only a finite number of Romanovski polynomials are orthog-
onal, and the orthogonality integral of the polynomial is expressed similar to the (7)

where yn ¼ Rðp;qÞ
n ðsÞ.

The differential equation satisfied by Romanovski Polynomial obtained by
inserting (3b) and (8) into (3a) given as

ð1þ s2Þ o
2Rðp;qÞ

n

os2
þ 2 sð�pþ 1Þ þ qf g oR

ðp;qÞ
n ðsÞ
os

� nðn� 1Þ þ 2nð1� pÞf gRðp;qÞ
n ðsÞ ¼ 0

ð12Þ

where yn ¼ Rðp;qÞ
n ðsÞ. The heart of Romanovski polynomials method is in obtaining

(12) from one dimensional Schrodinger equation. The Schrodinger equation of the
potential of interest will be reduced into second order differential equation that is
similar to (12) by an appropriate transformation of variable, for example, r = f(s),
and by introducing a new wave function which is given as

WnðrÞ ¼ gnðsÞ ¼ ð1þ s2Þb2e�a
2 tan�1 sDðb;aÞ

n ðsÞ ð13Þ

where WnðsÞ ¼ WnðxÞ is an eigen function of generalized hypergeometric equation
in (2) which is the solution of Schrodinger equation for potential interest in (1), and

Dðb;aÞ
n ðsÞ ¼ Rðp;qÞ

n ðsÞ ð14Þ

From condition in (14) we get the relation between b with p, and a with q. The
Romanovski polynomials obtained from Rodrigues formula expressed in (6) for the
corresponding weight function in (9) is expressed as

Rðp;qÞ
n ðsÞ ¼ Dðb;aÞ

n ðsÞ ¼ 1
ð1þ s2Þ�peq tan�1ðsÞ

dn

dsn
ð1þ s2Þnð1þ s2Þ�peq tan

�1ðsÞ
n o

ð15Þ
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If the wave function of the nth level in (13) is rewritten as

WnðrÞ ¼ 1ffiffiffiffiffiffiffi
df ðsÞ
ds

q ð1þ s2Þ�p
2 e

q
2 tan

�1ðsÞRðp;qÞ
n ðsÞ ð16Þ

then the orthogonality integral of the wave functions expressed in (16) gives rise to
orthogonality integral of the finite Romanovski polynomials, that is given as

Z1
0

WnðrÞWn0 ðrÞdr ¼
Z1
�1

wðp;qÞRðp;qÞ
n ðsÞRðp;qÞ

n0 ðsÞds ð17Þ

In this case the values of p and q are not n-dependence where n is the degree of
polynomials. However, if either (11) or (17) is not fulfilled then the Romanovski
polynomials is infinity [16–18].

3 Application of Romanovski Polynomials for Energy
Spectra and Wave Functions Analysis for Non-central
Potential

Non-central potentials which consist are solvable by Romanovski polynomials. The
non-central potentials that are solved using Romanovski polynomials are Eckart plus
Poschl-Teller non-central potential system and polar Schrodinger equation of 3D
oscillator harmonics plus trigonometric Rosen-Morse non-central potential system.

3.1 Eckart Plus Poschl-Teller Non-central Potential

The non-central potential is a potential of a function radial and angular simulta-
neously. The non-central potential which is constructed from Eckart potential and
trigonometric Poschl-Teller non-cental potential given as

Vðr; hÞ ¼ �h2

2Ma2
V0

e�r=a

ð1� e�r=aÞ2 � V1
1þ e�r=a

1� e�r=a

 !

þ �h2

2Mr2
jðj� 1Þ
sin2 h

þ gðg� 1Þ
cos2 h

� �
ð18Þ

with V0 and V1 describe the depth of the potential well and are positives, V1 > V0,
a is a positive parameter which to control the width of the potential well, M is the
mass of the particle, and 0\ ðr=aÞ\1; j[ 1; g[ 1. The non-central potential
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expressed in (18) is separable ones therefore the Schrodinger equation of this
potential is solved using variable separation method.

The three dimensional time-independent Schrodinger equation for Eckart
potential combined with trigonometric Poschl-Teller non-central potential is

� �h2

2M
1
r2

o
or

r2
o
or

� �
þ 1
r2 sin h

o
oh

sin h
o
oh

� �
þ 1

r2 sin2 h

o2

ou2

	 

w r; h;uð Þ

þ �h2

2Ma2
V0

e�r=a

ð1� e�r=aÞ2 � V1
1þ e�r=a

1� e�r=a

 !
w r; h;uð Þ

þ �h2

2Mr2
jðj� 1Þ
sin2 h

þ gðg� 1Þ
cos2 h

� �
w r; h;uð Þ ¼ Ewðr; h;uÞ

ð19Þ

By using variable separation method we get radial, polar and azimuthal parts of
Schrodinger equation as following:

1
R
o
or

r2
oR
or

� �
� r2

a2
V0

e�r=a

ð1� e�r=aÞ2 � V1
1þ e�r=a

1� e�r=a

 !
þ 2Mr2

�h2
E ¼ k ¼ lðlþ 1Þ

ð20Þ

� 1
P sin h

o
oh

sin h
oP
oh

� �
� 1

U sin2 h

o2U
ou2

	 

þ jðj� 1Þ

sin2 h
þ gðg� 1Þ

cos2 h

� �
¼ k ð21Þ

1
U
o2U
ou2 ¼ �m2 ð22Þ

The azimuthal part of wave function obtained from (22) is given, as usual, as

U ¼ Ame
imu ð23Þ

The radial and polar parts of the Schrodinger equations are solved using
Romanovski Polynomials.

3.1.1 Solution of Radial Part of Schrodinger Equation

By substitution 2M
�h2
E ¼ �e2 and R ¼ vðrÞ

r in (20) we get

o2vðrÞ
or2

� 1
a2

V0
e�r=a

ð1� e�r=aÞ2 � V1
1þ e�r=a

1� e�r=a

 !
vðrÞ � e2vðrÞ � lðlþ 1Þ

r2
vðrÞ ¼ 0

ð24Þ
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For r
a\\\1 the approximation of the centrifugal term in (24) [18, 19] is given

as 1
r2 ffi 1

4a2 d0 þ 1
sinh2ðr=2aÞ

� �
with d0 ¼ 1=12. In term of hyperbolic functions, (24) is

rewritten as

d2vðrÞ
dr2

� lðlþ 1Þ
4a2

d0 þ 1

sinh2ðr=2aÞ

� �
vðrÞ

� 1
a2

V0

4 sinh2ðr=2aÞ � V1 cothðr=2aÞ
� �

vðrÞ � e2vðrÞ
¼ 0 ð25Þ

and by making an appropriate change of variable, r ¼ f ðxÞ ¼ 2a coth�1ðixÞ in (25),
we get

ð1þ x2Þ d
2v
dx2

þ 2x
dv
dx

� V0 þ lðlþ 1Þ þ 4V1ix
1þ x2ð Þ �

lðlþ 1Þd0 þ 4e2a2

1þ x2ð Þ
	 


v ¼ 0

ð26Þ

To solve (26) in terms of Romanovski polynomial, (13) suggests the substitution
in (26) as [29]

v f ðxÞð Þ ¼ gnðxÞ ¼ 1þ x2
� �b

2e
�a
2 tan�1 xD b;að Þ

n ðxÞ ð27Þ

where 1\ ix\1.
By inserting (27) into (24) we obtain

1þ x2
� � o2D

ox2
þ 2xðbþ 1Þ � af g oD

ox

� bax� a2
4 þ b2 þ 4V1ix� ðlðlþÞd0 þ 4e2a2

1þ x2
þ V0 þ lðlþ 1Þ � b2 � b

( )
D

¼ 0

ð28Þ

Equation (28) reduces to differential equation that satisfied by Romanovski
polynomials if the coefficient of 1

1þx2 term in (28) is set to be zero, that are

� a2

4
þ b2 � ðlðlþ 1Þd0 þ 4e2a2Þ ¼ 0 and baþ 4V1i ¼ 0 ð29Þ

and then (28) becomes
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1þ x2
� � o2D

ox2
þ 2xðbþ 1Þ � af g oD

ox
� V0 þ lðlþ 1Þ � b2 � b
� �

D ¼ 0 ð30Þ

It is seen that the structure of (30) is similar to (12), and thus we assume that

Dða;bÞ
n ðxÞ ffi Rðp;qÞ

n ðxÞ. By comparing the parameters between (12) and (30) we
obtain the following relation:

V0 þ lðlþ 1Þ � b2 � b ¼ nðn� 1Þ þ 2nð1� pÞ;
2ðbþ 1Þ ¼ 2ð�pþ 1Þ and a ¼ �q

ð31Þ

From (31) we have p ¼ �b, since p[ 0 then the value of b obtained from (31)
that has physical meaning is

b ¼ bn ¼ �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ lþ 1

2

� �2
s

� n� 1
2

ð32Þ

From (29) and (32) we obtain

a2 ¼ �2 lðlþ 1Þd0 þ 4e2a2
� �� 2

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
flðlþ 1Þd0 þ 4e2a2g2 � 16V2

1

q
ð33Þ

with a ¼ an ¼ 4V1iffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ lþ 1

2

� �2q
þ nþ 1

2

ð34Þ

Finally, the energy spectrum of the system achieved from (33) and (34) is given
as

En ¼ � �h2

2M

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ lþ 1

2

� �2q�
þ nþ 1

2

�2
4a2

þ V2
1

a2
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ lþ 1

2

� �2q
þ nþ 1

2

� �2 �
lðlþ 1Þd0

4a2

8>>><
>>>:

9>>>=
>>>; ð35Þ

The energy spectra of Eckart potential obtained using Romanovski polynomials
in (35) is in agreement with the energy spectra obtained using NU method which is
presented in Chap. 5.

To determine the wave function, (31), (32) and (34) are inserted into (9) and (15)
so that we obtain the weight function w(x) and the Romanovski polynomials

Rðp;qÞ
n ¼ Rð�b;�aÞ

n ðxÞ as

w �b;�að Þ ¼ 1þ x2
� �� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

V0þ lþ1
2ð Þ2

q
þnþ1

2

� �
exp � 4iV1ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

V0 þ lþ 1
2

� �2q
þ nþ 1

2

tan�1ðxÞ

0
B@

1
CA ð36aÞ
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and

D b;að Þ
n ðxÞ ¼ Rðp;qÞ

n ðxÞ ¼ Rð�b;�aÞ
n ðxÞ

¼ 1

1þ x2ð Þbne�an tan�1ðxÞ
dn

dxn
1þ x2
� �bnþn

e�an tan�1ðxÞ
n o

ð36bÞ

where bn and an are expressed in (32) and (34). As a result, the wave function of the
nth level is given by

v f ðxÞð Þ ¼ gnðxÞ ¼ 1þ x2
� �bn

2 e
�an
2 tan�1 xR �b;�að Þ

n ðxÞ ð37Þ

By using trigonometric-hyperbolic functions relation

e�
an
2 tan�1 x ¼ e�

an
2 tan�1 �i cothðr=2aÞð Þ ¼ 1þ cothðr=2aÞ

1� cothðr=2aÞ
� �ian

4

ð38Þ

then (37) becomes

vnðrÞ ¼ gnðrÞ
¼ 1� cothðr=2aÞð Þbn2 �ian

4 1þ cothðr=2aÞð Þbn2 þian
4 R �b;�að Þ

n �i cothðr=2aÞð Þ ð39Þ

Rð�b;�aÞ
n ðrÞ ¼ in

1� cothðr=2aÞð Þbn�ian
2 1þ cothðr=2aÞð Þbnþian

2

dn

d cothðr=2aÞð Þn 1� cothðr=2aÞð Þbn�ian
2 þn 1þ cothðr=2aÞð Þbnþia

2þn
n o

ð40Þ

The radial wave functions for Eckart plus Poschl-Teller non-central potential in
(39) and (40) are in agreement with the result achieved by using NU method.

Since the bn and an parameters, expressed in (32) and (34), are n-dependence
then the orthogonality of the wave functions may not produce to the orthogonality
integral of the polynomials [29], as shown in (41),

Z1
0

vnðrÞvn0 ðrÞdr ¼ dnn0 6¼
Z1
1

wð�b;�aÞRð�b;�aÞ
n ðxÞRð�b;�aÞ

n0 dx ð41Þ

By carrying out the differentiations of (36b), we find the lowest four unnor-
malized Romanovski polynomials given as
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R �b0;�a0ð Þ
0 ðxÞ ¼ 0 ð42Þ

R �b1;�a1ð Þ
1 ðxÞ ¼ b1 þ 1ð Þ2x� a1 ð43Þ

R �b2;�a2ð Þ
2 ðxÞ ¼ 2 b2 þ 2ð Þ 2b2 þ 3ð Þx2 � 2a2 2b2 þ 3ð Þxþ a22 þ 2b2 þ 4 ð44Þ

R �b3;�a3ð Þ
3 ðxÞ ¼ 4x3ðb3 þ 3Þð2b3 þ 5Þðb3 þ 2Þ � 6a3x2ð2b3 þ 5Þðb3 þ 2Þ

þ 2xð6b23 þ 3a23b3 þ 28b3 þ 6a23 þ 34Þ � 2a3ð2b3 þ 5Þ � aða2 þ 2bþ 6Þ
ð45Þ

where bn and an are expressed in (32) and (34). The lowest four degrees of
un-normalized radial wave functions for arbitrary values of l are calculated by using
(41) and (42)–(45).

3.1.2 The Solution of Polar Schrodinger Equation for Eckart Potential
Combined with Non Central Poschl-Teller Potential

To solve the polar Schrodinger equation expressed in (19), we set the polar wave
function as

P ¼ QðhÞffiffiffiffiffiffiffiffiffiffi
sin h

p ;
oP
oh

¼
dQ
dhffiffiffiffiffiffiffiffiffiffi
sin h

p � 1
2
cos hQffiffiffiffiffiffiffiffiffiffiffi

ðsin hÞ3
p ð46Þ

where QðhÞ is the new polar wave function. By inserting (46) into (19) we obtain
one dimensional polar Schrodinger equation as

d2Q

dh2
�
	
jðj� 1Þ þ m2 � ð1=4Þ

sin2 h
þ gðg� 1Þ

cos2 h



Qþ lðlþ 1Þ þ ð1=4Þð ÞQ ¼ 0

ð47Þ

Equation (47) to be solved using Romanovski polynomials, therefore we sub-
stitute the variable h and introduce a new wave function such that (47) reduces to
generalized hypergemetric type equation expressed in (2) or into second order
differential equation of Romanovski polynomials expressed in (10). By making a
change of variable in (47), cos 2h ¼ is then (47) becomes

1þ s2
� � o2Q

os2
þ s

oQ
os

þ jðj� 1Þ þ m2 � 1
4 þ gðg� 1Þ

2ð1þ s2Þ þ jðj� 1Þ þ m2 � 1
4 � gðg� 1Þ

2ð1þ s2Þ is� ðlþ 1
2Þ2

4

" #
Q ¼ 0

ð48Þ

Equation (48) will be reduced into differential equation of Romanovski
polynomial by setting
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QðhÞ ¼ gðsÞ ¼ ð1þ s2Þb
2e

�a
2 tan

�1 sDða;bÞ
n ðsÞ ð49Þ

By inserting (49) into (48) we get

ð1þ s2Þ o
2D
os2

þ fsð2bþ 1Þ � ag oD
os

� 2bsa� sa� a2
2 þ 2b2 � 2b� jðj� 1Þ þ m2 � 1

4 � gðg� 1Þ�is� jðj� 1Þ þ m2 � 1
4 þ gðg� 1Þ���

2ð1þ s2Þ þ ðlþ 1
2Þ2

4
� b2

)
D ¼ 0

(

ð50aÞ

Equation (50a) reduces to the differential equation satisfied by Romanovski
polynomials given as

ð1þ s2Þ o
2D
os2

þ sð2bþ 1Þ � ag oD
os

� ðlþ 1
2Þ2

4
� b2

)(
D ¼ 0 ð50bÞ

when the coefficient of 1
2ð1þs2Þ is set to be zero, that are

� jðj� 1Þ þ m2 � 1
4
þ gðg� 1Þ



� a2

2
þ 2b2 � 2b ¼ 0

	
ð51Þ

� jðj� 1Þ þ m2 � 1
4
� gðg� 1Þ



iþ 2ba� a ¼ 0

	
ð52Þ

By comparing (50b) and (10) we obtain

ð2bþ 1Þ ¼ 2ð�pþ 1Þ; a ¼ �q ð53Þ

and
lþ 1

2

� �2
4

� b2 ¼ nðn� 1Þ þ 2nð1� pÞ ð54Þ

By using (51) and (52) and setting

j� 1
2

� �2

þm2 � 1
4
¼ jðj� 1Þ þ m2 ¼ F; ðg� 1

2
Þ2 ¼ G ð55Þ

we obtain

a ¼ �ið
ffiffiffiffi
F

p
�

ffiffiffiffi
G

p
Þ and b� 1

2

� �
¼ ðF � GÞ

�2ið ffiffiffiffi
F

p � ffiffiffiffi
G

p Þ i ð56Þ

To have physical meaning, the proper choice of the values of a and b in (56) are
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a ¼ i
ffiffiffiffi
F

p
�

ffiffiffiffi
G

p� �
¼ i

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
jðj� 1Þ þ m2

p
� g� 1

2

� �� �
and

b ¼
ffiffiffiffi
F

p þ ffiffiffiffi
G

p� �þ 1
2

¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
jðj� 1Þ þ m2

p þ ðgþ 1
2Þ

2

ð57Þ

From (54) and (57) we have

l ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðj� 1

2
Þ2 þ m2 � 1

4

r
þ gþ 2n

 !
ð58Þ

Equation (58) shows that the values of l depend on the potential parameters, j
and g, and the degree of the Romanovski polynomial, n = nl. The weight function
obtained from (7), (54) and (57) is given as

wðp;qÞ ¼ wð�bþ1
2;�aÞ ¼ ð1þ s2Þ

ffiffi
F

p þ ffiffiGp
2 e�ið ffiffiffiFp �

ffiffiffiffi
GÞ

p
tan�1 s ð59Þ

The Romanovski polynomials are obtained by using (13) and (61) as

R
ð�bþ1

2;�aÞ
n ðsÞ ¼ 1

ð1þ s2Þ
ffiffi
F

p þ ffiffiGp
2 e�ið ffiffiffiFp � ffiffiffi

G
p Þ tan�1 s

dn

dsn
ð1þ s2Þ

ffiffi
F

p þ ffiffiGp
2 þn

e
�ið ffiffiFp � ffiffiGp Þ tan�1 s

� �
	

ð60Þ

and the polar wave functions obtained from (11) and (60) is given as

QðhÞ ¼ gnðsÞ ¼ ð1þ s2Þð
ffiffi
F

p þ ffiffiGp Þþ1
4 e�

i
2ð
ffiffiffi
F

p � ffiffiffi
G

p Þ tan�1 sR
ð�bþ1

2;�aÞ
n ðsÞ ð61Þ

The polar eigen function obtained from (46) and (61) is given as

PnmjgðhÞ ¼
Qnmjgffiffiffiffiffiffiffiffiffiffi
sin h

p ¼ 1ffiffiffiffiffiffiffiffiffiffi
sin h

p
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ð1þ s2Þ

ffiffi
F

p þ ffiffiGp þ1
2 e�ið ffiffiffiFp � ffiffiffi

G
p Þ tan�1 s

q
R
ð�bþ1

2;�aÞ
n ðsÞ

ð62aÞ

or PnlmjgðhÞ ¼
1ffiffiffiffiffiffiffiffiffiffi
sin h

p 1� cos 2hð Þ
ffiffi
F

p
2 þ1

4 1þ cos 2hð Þ
ffiffi
G

p
2 þ1

4R
ð�bþ1

2;�aÞ
nl �i cos 2hð Þ

ð62bÞ

The orthogonality integral of the angular wave function obtained from (62a),
(62b) is given as
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Zp
2

0

Q�
nðhÞQn0 ðhÞdh ¼

Z1
�1

ð1þ s2Þð
ffiffi
F

p þ ffiffiGp Þþ1
2 e�

i
2

ffiffiffi
F

p � ffiffiffi
G

pð Þ tan�1 sR
ð�bþ1

2;�aÞ
n ðsÞRð�bþ1

2;�aÞ
n0 ðsÞ oh

oðisÞ dðisÞ

¼ � 1
2

Z1
�1

ð1þ s2Þð
ffiffi
F

p þ ffiffiGp Þ
2 e�

i
2

ffiffiffi
F

p � ffiffiffi
G

pð Þ tan�1 sR
ð�bþ1

2;�aÞ
n ðsÞRð�bþ1

2;�aÞ
n0 ðsÞdðisÞ

ð63aÞ

where oh
oðisÞ ¼ � 1

2 sin 2h, 1þ s2ð Þ1=2 ¼ sin 2h and from (63a) we have

Zp
2

0

Q�
nðhÞQn0 ðhÞdh ¼� 1

2

Z1
�1

w �bþ1
2;�að ÞRð�bþ1

2;�aÞ
n ðsÞRð�bþ1

2;�aÞ
n0 ðsÞdðisÞ ð63bÞ

Equation (63b) shows that the orthogonality of Romanovski polynomials is
produced from the orthogonality of wave function but (63a), (63b) is not conver-
gent [29, 30] since

nþ n0\2p� 1 or n\�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðj� 1

2Þ2 þ m2 � 1
4

q
þ gþ 1

2

2
ð64Þ

and the interval of the variable is not in �1\s\1 interval.
The first four unnormalized Romanovski polynomials obtained from (60) are

given as:

R
ð�bþ1

2;�aÞ
0 ðsÞ ¼ 1 ð65Þ

R
ð�bþ1

2;�aÞ
1 ðsÞ ¼ ð

ffiffiffiffi
F

p
þ

ffiffiffiffi
G

p
þ 2Þs� ið

ffiffiffiffi
F

p
�

ffiffiffiffi
G

p
Þ ð66Þ

R
ð�bþ1

2;�aÞ
2 ðsÞ ¼

ffiffiffiffi
F

p
þ

ffiffiffiffi
G

p
þ 4

� � ffiffiffiffi
F

p
þ

ffiffiffiffi
G

p
þ 3

� �
s2 � 2is

ffiffiffiffi
F

p
�

ffiffiffiffi
G

p� � ffiffiffiffi
F

p
þ

ffiffiffiffi
G

p
þ 3

� �
�

ffiffiffiffi
F

p
�

ffiffiffiffi
G

p� �2
þ

ffiffiffiffi
F

p
þ

ffiffiffiffi
G

p
þ 4

� �
 �

ð67Þ

R
ð�bþ1

2;�aÞ
3 ðsÞ ¼

ffiffiffiffi
F

p þ ffiffiffiffi
G

p þ 6
� � ffiffiffiffi

F
p þ ffiffiffiffi

G
p þ 5

� � ð ffiffiffiffi
F

p þ ffiffiffiffi
G

p Þ þ 4
� �

s3 � 3is2
ffiffiffiffi
F

p � ffiffiffiffi
G

p� � ffiffiffiffi
F

p þ ffiffiffiffi
G

p þ 5
� � ffiffiffiffi

F
p þ ffiffiffiffi

G
p þ 4

� �
�3 s

ffiffiffiffi
F

p þ ffiffiffiffi
G

p þ 4
� � ffiffiffiffi

F
p � ffiffiffiffi

G
p� �2� ffiffiffiffi

F
p þ ffiffiffiffi

G
p þ 6

� �on
þ

n
i

ffiffiffiffi
F

p � ffiffiffiffi
G

p� �2� 3
ffiffiffiffi
F

p þ 3
ffiffiffiffi
G

p þ 16
� �o ffiffiffiffi

F
p � ffiffiffiffi

G
p� �n" #

ð68Þ

The solution of the first four of un-normalized polar wave functions are obtained
from (57), (62a), (62b) and (65)–(68). The polar wave function (62b) is in agree-
ment to the wave function obtained using NU method [31], but only for even
numbers of polynomial degrees (nl).

If there is no the presence of trigonometric Poschl-Teller potential, where j ¼ 0
and g ¼ 0 then the polar wave function reduces to associated Legendre polynomials
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and the orbital quantum number expressed in (36a), (36b) becomes l ¼ mþ 2nl, with
nl is the degree of polynomial. However the associated Legendre polynomial obtained
from this non-central potential are only those polynomials whose values of l andm are
differed by even numbers since l ¼ mþ 2nl. The effect of the presence of Poschl-
Teller non-central potential to spherical harmonics is illustrated by using the three
dimensional representation and the polar diagram of the absolute value of
un-normalized angular wave functions obtained from (55), (62a), (62b), and (68) for
n ¼ nl ¼ 3. The 3D representations and polar diagram of Ym

l

�� �� visualized using Mat
Lab 7 are shown in Fig. 1 for nl ¼ 3; j ¼ 0; g ¼ 0; l ¼ 6;m ¼ 0, Fig. 2 for nl ¼ 3;
j ¼ 2; g ¼ 0; l ¼ 7:4;m ¼ 0 and Fig. 3 for nl ¼ 3; j ¼ 0; g ¼ 2; l ¼ 8;m ¼ 0. By
comparing Figs. 2 and 3 with Fig. 1, it is concluded that there is a state change in
angular wave function caused to the presence of Poschl-Teller potentials. Therefore it
may be concluded that the number of the degeneracy of the system changes. By
comparing Fig. 3 with Figs. 1 and 2 is concluded that the sec2 h causes the change of
the angular wave function state, while the effect of cosec2 h term causes the absolute
values of the angular wave function shifted to larger values of h. Therefore the

Fig. 1 a Three dimensional representation of Y0
6

�� �� and b its polar diagram of Y0
6

�� �� ¼ f86:63
cos3 2hþ 23:63 cos2 2h� 55:13 cos 2h� 7:13g
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dominant effect of the presence of Poschl-Teller potential is coming from the sec2 h
term. The un-normalized angular wave functions illustrated in Figs. 1, 2 and 3 is in
agreement with the result calculated using NUmethod [31]. By putting the new value
of the orbital quantum number expressed in the energy of Eckart potential combined
with trigonometric Poschl-Teller non-central potential is rewritten as

Enr ¼ � �h2

2M

V2
1

a2
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
Voþð

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðjðj�1Þþm2Þ

p
þgþ2nlþ1

2Þ2
p

þnrþ1
2

� �2 þffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
Voþð

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
ðjðj�1Þþm2Þ

p
þgþ2nlþ1

2Þ2
p

þnrþ1
2

� �2
4a2 � lðlþ1Þd0

4a2

8><
>:

9>=
>; ð69Þ

where nl is a new polar quantum number and its values are non-negative integer,
while nr is radial quantum number and is nonnegative integer. From (69) we can
calculate the energy for special case, for Eckart potential, we set j ¼ g ¼
m ¼ nl ¼ 0, therefore the energy spectrum of Eckart potential is

Fig. 2 a Three dimensional representation of Y0
7:4

�� �� and b its polar diagram of Y0
7:4

�� �� ¼ f199:48
cos3 2hþ 164:79 cos2 2h� 48:36 cos 2h� 28:67g sin1:4 h
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Enr ¼ � �h2

2M
V2
1

a2
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ 1

2

� �2q
þ nr þ 1

2


 �2 þ
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
V0 þ 1

2

� �2q
þ nr þ 1

2


 �2
4a2

� lðlþ 1Þd0
4a2

9>>>=
>>>;

8>>><
>>>:

ð70Þ

The total un-normalized wave function of the system obtained from (39) and
(63a), (63b) is given as

wðr; h;uÞ ¼ 1� cothðr=2aÞð Þbnr2 �ianr
4 1þ cothðr=2aÞð Þbnr2 þianr

4 R �bnr ;�anrð Þ
nr �i cothðr=2aÞð Þ

� 1ffiffiffiffiffiffiffiffiffiffi
sin h

p 1� cos 2hð Þ
ffiffi
F

p
2 þ1

4 1þ cos 2hð Þ
ffiffi
G

p
2 þ1

4R
ð�bþ1

2;�aÞ
nl �i cos 2hð Þeimu

ð71Þ

Fig. 3 a Three dimensional representation of Y0
8

�� �� and b its polar diagram of Y0
8

�� �� ¼ f268:13 cos3
2h� 160:88 cos2 2h� 86:63 cos 2hþ 27:38g cos2 h

138 A. Suparmi and C. Cari



The wave function of the system in (68) reduces to the wave function of three
dimensional Eckart potential by the absent of Poschl-Teller potential.

3.2 The Solution of Polar Schrodinger Equation for 3D
Trigonometric Rosen Morse Non-central Potential

The polar part of the Schrodinger equation for trigonometric Rosen-Morse non-
central potential is given as

o2PðhÞ
oh2

þ cot h
oPðhÞ
oh

� v vþ 1ð Þ þ m2

sin2 h
� 2l cot h

� �
PðhÞ þ l lþ 1ð ÞPðhÞ ¼ 0

ð72Þ

By setting P ¼ Qffiffiffiffiffiffiffi
sin h

p in (72) then (72) becomes

d2Q

dh2
� v vþ 1ð Þ þ m2 � 1

4

sin2 h
� 2l cot h

� �
Qþ l lþ 1ð Þ þ 1

4

� �
Q ¼ 0 ð73Þ

To solve (73) we introduce a new variable cot h ¼ s and (73) change into

1þ s2
� � o2Q

os2
þ 2 s

oQ
os

� v vþ 1ð Þ þ m2 � 1
4

� �
� 2lx

1þ s2ð Þ �
l lþ 1ð Þ þ 1

4

1þ s2ð Þ
	 


Q ¼ 0 ð74Þ

Equation (74) is solved in terms of Romanovski polynomial by setting

QðhÞ ¼ gnðsÞ ¼ 1þ s2
� �b

2e�
a
2 tan

�1
D b;að Þ

n ðsÞ ð75Þ

for 0\s\1
By inserting (75) into (74) we obtain

1þ s2
� � o2D

os2
þ 2 sðbþ 1Þ � af g oD

os

� bsa� a
4 þ b2 � 2ls� ðlðlþ 1Þ þ 1

4Þ
1þ s2

þ mðmþ 1Þ þ m2 � 1
4
� b2 � b

( )
D

¼ 0

ð76Þ
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Equation (76) reduces to differential equation satisfied by Romanovski
polynomials

1þ s2
� � o2D

os2
þ 2 sðbþ 1Þ � af g oD

os
� mðmþ 1Þ þ m2 � 1

4
� b2 � b

	 

D ¼ 0 ð77Þ

for

bsa� a2

4
þ b2 � 2ls� lðlþ 1Þ þ 1

4

	 

¼ 0 ð78Þ

By comparing (10) and (77) we obtain

ðbþ 1Þ ¼ �pþ 1ð Þ; a ¼ �q and mðmþ 1Þ þ m2 � 1
4
� b2 � b

¼ nðn� 1Þ þ 2nð1� pÞ ð79Þ

From (78) we have

� a2

4
þ b2 � lðlþ 1Þ þ 1

4

	 

¼ 0; ba� 2l ¼ 0 ð80Þ

that give

b2 ¼
lþ 1

2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

ð81Þ

and

a2 ¼ 8l2

lþ 1
2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q ð82Þ

Using (79) we obtain

p ¼ �b; q ¼ �a ð83Þ

and

mðmþ 1Þ þ m2 ¼ bþ nþ 1
2

� �2

ð84Þ

Then from (84) we get

b ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p
� n� 1

2
ð85Þ
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or

b ¼ �
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p
� n� 1

2
ð86Þ

By using (80) with (85) or with (86) we obtain

an ¼ 2lffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p � n� 1
2

ð87Þ

or

an ¼ � 2lffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
mðmþ 1Þ þ m2

p þ nþ 1
2

ð88Þ

From (85), (86), and (81) we obtain

ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
v vþ 1ð Þ þ m2

p
� n� 1

2

� �2

¼
lþ 1

2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

ð89Þ

�
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
v vþ 1ð Þ þ m2

p
� n� 1

2

� �2

¼
lþ 1

2

� �2� ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
lþ 1

2

� �4þ4l2
q
2

ð90Þ

By imposing the condition that p[ 0 then from (83) we have � b� 1
2

� �
[ 0 or

b� 1
2

� �
\0, therefore the values of b and a that satisfy that condition are expressed

in (86) and (88). The value of l that satisfies the system is obtained from (90), that is

l ¼ l0 ¼
ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi

v vþ 1ð Þ þ m2
p

þ nþ 1
2

� �2

� l2ffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffiffi
v vþ 1ð Þ þ m2

p þ nþ 1
2

� �2
vuuut � 1

2

ð91Þ

The weight function obtained from (7), (83), (86) and (88) is given as

w �b;�að Þ ¼ 1þ s2
� �bnl e�anl tan

�1 s ð92Þ

Using (13) and (92) we obtain the Romanovski polynomials given as

R �b;�að Þ
n ðsÞ ¼ 1

1þ s2ð Þbnl e�anl tan
�1 s

dnl

dsnl
1þ s2
� �bnlþnl e�anl tan

�1 s
n o

ð93Þ
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The polar wave function obtained from (11) and (93) is given as

Qnl h ¼ cot�1 s
� � ¼ gnlðsÞ ¼ 1þ s2

� �bnl
2 e

�anl
2 tan�1 sR �b;�að Þ

nl ðsÞ ð94Þ

The polar wave function obtained from (94) is given as

Pm
l ðhÞ ¼

QnlðhÞffiffiffiffiffiffiffiffiffiffi
sin h

p ¼ 1þ s2
� �bnl

2 þ1
4e

�anl
2 tan�1 sR �b;�að Þ

nl ðsÞ ð95Þ

Due to the condition that bn and an are n-dependence, thus the Romanovski
polynomials is infinity [16, 17] and the orthogonality of polynomials is not pro-
duced from orthogonality integral of the wave function, that is

Z
Qnlffiffiffiffiffiffiffiffiffiffi
sin h

p ðhÞ Qnl0ffiffiffiffiffiffiffiffiffiffi
sin h

p ðhÞ sin hdh ¼ dnlnl0 6¼
Z

ð1þ s2Þbnl e�anl tan
�1ðsÞRð�b;�aÞ

nl ðsÞRð�b;�aÞ
n0l

ðsÞds

ð96Þ

Construction of Romanovski polynomial
The first four Romanovski polynomial are constructed using (93) are

R
�bþ1

2;�að Þ
0 ðsÞ ¼ 1 ð97Þ

R
�bþ1

2;�að Þ
1 ðsÞ ¼ 2ðb1 þ 1Þs� a1 ð98Þ

R
�bþ1

2;�að Þ
2 ðsÞ ¼ 4ðb2 þ 2Þðb2 þ 1:5Þs2 � 4a2ðb2 þ 1:5Þsþ a22 þ 2 b2 þ 2ð Þ� �

ð99Þ

R
�bþ1

2;�a3ð Þ
3 ðsÞ ¼ 8ðb3 þ 3Þðb3 þ 2:5Þðb3 þ 2Þs3 � 12a3ðb3 þ 2:5Þs2

þ 6 a23 þ 2 b3 þ 3ð Þ� �ðb3 þ 2Þs� a3 a23 þ 6b3 þ 16
� � ð100Þ

The Romanovski polynomials expressed in (97–100) can be constructed man-
ually or using computer programming with Mat Lab software. If Rosen-Morse
noncentral potential is absent then

bnl ¼ �m� nl; an ¼ 0; l ¼ nl þ m; ð101Þ

and the polar wave functions reduce to associated Legendre polynomials. The polar
wave functions for nl ¼ 3 with different values of m and l are shown in Table 1.

The third degree of Romanovski polynomials and the corresponding polar wave
functions for nl = 3, m = 1, m ¼ 0:2 and l ¼ 0:2 are calculated using (93), (95),
(100) are listed in Table 1. The angular wave functions, Ym0

l0 , are obtained by
multiplying the polar wave function listed in the last column at Table 1. with the
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azimuthal wave function in (28). The polar diagram of orbital angular momentum
eigen function, Ym0

l0 and three dimensional polar representation of the absolute value
of the angular wave functions listed in Table 1 for all m = 1 are graphed using Math
Lab software shown in Figs. 4, 5, 6 and 7. By comparing Fig. (6a) and (7a) it can be
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Fig. 4 a Three dimensional polar representation of absolute value of eigen function, nl = 3, m = 1,
m ¼ 0 and l ¼ 0 Y1
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Fig. 5 a Three dimensional polar representation of absolute value of eigenfunction, nl = 3, m = 1,
m ¼ 2 l ¼ 0 Y2:65
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shown that the effect of cot h is larger for lower level polar wave function. From
Figs. (4a) and (5a) can be seen that csc2 h causes the increase of the absolute value
of the angular wave function, while cot h term causes the decrease of the absolute
value of the angular wave function in the interval of 0\h\ p

2 but causes the
increase in the p

2\h\p as shown in Figs. (6a) and (7a).
The total u-normalized wave function for the n level is given as

wðr; h;uÞ ¼ eimu Cnr r
�ðnrþl0þ1

2Þe�
cr2

2
dnr

drnr
ðr2 l0þ1þ2nr e�cr2Þ


	

ðcsc2 hÞ�
bnl
2 þ1

4e
anl
2 tan�1ðcot hÞ dnl

d cot hnl
ðcsc2 hÞbnlþnl e�anl tan

�1ðcot hÞ
on
 � ð102Þ

By the absent of Rosen-Morse potential the wave function in (102) reduces to
the three dimensional spherical harmonics oscillator wave function.

The three dimensional Schrodinger equation for separable shape-invariant non-
central potentials are solved using variable separation method. The 3D Schrodinger
equation is separated into three one dimensional equations, radial and polar equa-
tions are solved using Romanovski polynomial while the azimuthal part is simple
differential equation. The generalized hypergeometric type equation and so the
Romanovski differential equations fall into two groups, first group, such as (26) and
(74) have the same form, and so the (28) and (77). while the second group, such as
(48) which is different to the form of (26) and (74) and so (50b) is different to the
form of (28) and (77). Therefore by recognizing the form of the generalized
hypergeometric type equation we can determine the form of differential equation of
Romanovski polynomials. Even for complex variable, Romanovski polynomials
method working very well in determining the energy spectra of the system but there
is a limitation in producing the wave function, as in Poschl-Teller potential.
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Interpretation and Prediction of Diffusion
Activation Energy from Thermodynamic
Model

P. Wu, Y. Zeng and H.M. Jin

Abstract Although self diffusion activation energy of metal is known to be strongly
correlated to its melting point and heat of formation, prediction of diffusion acti-
vation energy remains a challenge and somehow an art. On the basis of the well
developed quasi-chemical model, we demonstrate a general frame work to estimate
surface/interface diffusion activation energy using the concentration and formation
energy of the interface chemical bonds. Furthermore, this frame work reproduces all
available diffusion activation energy data of Si on metals. We not only provide a
practical method in predicting diffusion activation energy but also offer new physical
insights about the interplay between chemical kinetics and thermodynamics.

1 Introduction

Diffusion activation energy data are frequently required in microstructure and phase
transition research (e.g., in the glass formation process) where complicated chem-
ical and structure parameters are involved [1–3]. However, diffusion activation
energy data are scarce and the common techniques of experiment and computer
simulation to derive these data are either not practical or time consuming due to
wide range of changes of systems in terms of chemistry and microstructures [4, 5].
Therefore correlation methods were widely employed. Beke studied the dependence
of diffusion to temperature and found that the diffusion coefficients usually obey the
Arrhenius law [6]. Brown and Ashby showed the rate of diffusion at the melting
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point is roughly a constant for a given crystal structure [7]. In addition, melting
points show strong correlation to enthalpy of formation of alloys or compounds [8].
Any guidelines derived from these different approximation methods that leading to
the prediction of diffusion activation energy will advance the diffusion research in
general, although the nature of chemical bond formation is largely ignored in most
of the previous correlation type of models. Recent advance in chemical thermo-
dynamic calculations offers ready descriptions of detailed solution chemistry for
systems of complicated chemistry as well as for multi-component and multiphase
microstructures [9]. A direct link between the thermodynamics and diffusion acti-
vation will not only generate practical prediction method but also improve current
theoretical understanding of chemical kinetics in general.

We demonstrated previously [10] that interface chemistry of metal and semi-
conductor can be qualified by quasi-chemical model (a solution chemistry model)
[11, 12]; both the heat of formation of metal silicides and the eutectic temperatures
of system consisted of the metal and semiconductors can be directly presented by
the quasi-chemical model. Therefore, rather than a simple data correlation, our
approach approximates the chemical bonding process, on the basis of the well
developed quasi-chemical model, by calculating concentrations of different type of
bonds based on the bond formation energy and solution chemical concentrations.
This way, we maintain the rough physics of interface while developing correlation
models.

In chemical catalysis research, factors that control chemical reaction paths and
the corresponding potential energy surfaces [13, 14] are well studied and a simple
linear correlation between the transition-state (TS) energy and the final-state (FS)
energy of the respective elementary steps, namely, the Brønsted-Evans-Polanyi
(BEP) relationship has been elucidated and applied in the analysis of surface ele-
mentary reactions. The BEP equation directly relates the change in activation
energy of the reaction (a kinetic parameter) to the corresponding change of the
reaction energy (a thermodynamic parameter). Liu and Hu [15] advanced the BEP
method by using first principles calculations to systematically study a number of
typical catalytic reactions on transition metal surfaces, and postulated that the
reaction barrier can be decomposed using bond energies of all the associated
reactant–surfaces and reactant–reactant pairs (or bonds). Their work directly linked
the reaction barrier to the energetic of all sorts of involved chemical bonds and
found that the dissociation reaction barrier is determined by the chemisorption
energy at the final reaction state, in consistent with the BEP relationship.

These studies suggest that the bond energies of reactants and products may play
a critical role in determining the reaction barrier and diffusion activation energy. In
statistical thermodynamics, all equilibrium properties are derived by using partition
functions of all energetic micro-configurations, therefore, a transition state (on an
energy path way for diffusion) has already been counted and discriminated by the
partition functions. We aim to pick up the micro-configuration(s) that corre-
sponding to the transition state by reverse engineering the thermodynamic solution.
Therefore, the quasi-chemical (QC) model which describes the energy and con-
centration of bonds of all stable and metastable micro-configurations is applied in
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this work. We first demonstrate such a reverse engineering technique (on QC) using
the heat of formation and eutectic temperature data, and then diffusion activation
energy. The resultant formulae can be used for prediction of activation energy
merely from electro-negativities of the constituent elements.

2 Quasi-chemical Calculations

In this section, the relationship of reaction bond energy and mole fraction of the
reactant pairs of a binary system is described by the quasi-chemical model [11, 12].
The numerical results of the relationship associated with various initial component
compositions are presented.

An A-B binary system contains three types of nearest-neighbor pairs, namely,
A-A, B-B, and A-B. The relative amounts of the three types of pairs are determined
by the energy change associated with the formation of two A-B pairs from one A-A
and one B-B pair, as described in reaction (1).

½A� A� þ ½B� B� ¼ 2½A� B� ð1Þ

Let XAA, XBB and XAB be the mole fractions for A-A, B-B and A-B pairs, and XA

and XB are the initial mole fractions of components A and B, respectively. When
the two components are mixed, A-B pairs are formed at the expense of A-A and
B-B pairs. It follows from the mass balance that:

2XA ¼ 2XAA þ XAB ð2Þ

2XB ¼ 2XBB þ XAB ð3Þ

The molar enthalpy change of reaction (1) is denoted by ω, the net pair bond
energy. The enthalpy of mixing, ΔH, is then given as following:

DH ¼ XAB

2

� �
x ð4Þ

A “quasi-chemical equilibrium constant” for reaction (1) is obtained as

X2
AB

XAAXBB
¼ 4e

�x
RT ð5Þ

Substituting (2–3) into (5) yields (6) where it indicates that the mole fraction
A-B bond, XAB, is the function of the net pair bond energy ω, the initial component
mole fraction XA and the temperature T. R denotes the gas constant.
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X2
AB

ð2XA � XABÞð2� 2XA � XABÞ ¼ e
�x
RT ð6Þ

The analytical solution of XAB cannot be obtained from (6). Thus we perform the
numerical study by plotting (−ω) versus logarithm XAB given T = 300 K and
ω = −25 * 0 kJ mole−1. The results are shown in Fig. 1 with the initial component
mole fraction XA = 0.5, 0.6, 0.7, 0.8 and 0.9, respectively. It is noted that due to the
symmetry in the composition of component A and B, the results of XA = 0.1 and
XA = 0.9 are equal. Similarly, the result of XA = 0.2 is same as that of XA = 0.8, and
so forth.

3 Results

On the basis of quasi-chemical model, we examine four published data sets of
formation heats, eutectic temperatures, and diffusion activation energies. Since the
ω values for these systems are not available, we use the elemental electro-negativity
(χ) to replace ω [10]. In particular, the squared difference of electro-negativities of
two constituent elements (Δχ)2 is used. It is noted that (Δχ)2 is proportional to −ω′
as derived from the well-known semi-empirical Miedema’s model [16]. In this
work, the Martynov-Batsanov electro-negativities (eV1/2) [17] are used. In the study
of the following four systems, (Δχ)2 is chosen as the abscissa, in consistent with the
result of quasi-chemical model (Fig. 1).
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Fig. 1 Dependence of net
pair bond energy ω and the
mole fraction of A-B bond
XAB
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We first demonstrate the reverse engineering approach using the formation heats
of silicides formed on the interfaces of transition metals and n-type silicon [10]. In
order to obtain comparable result, the ordinate is formulated as the logarithmic
(ΔHf/Δχ

2) where ΔHf is the formation heat. Since the temperature is the same for
this set of data which leads to a same constant for each data point, the temperature is
not taken into account. The resulting trend of (Δχ)2 versus (ΔHf/Δχ

2) is shown in
Fig. 2. It is also found that the dependences of XAB and ω generated from QC model
with a range of initial composition XA as shown Fig. 1 can be re-scaled to well
match the trend of the experimental data. Beyond this composition range, it is
impossible to reproduce the trend. As an illustration, the re-scaled dependence with
XA = 0.6 (bold line) is plotted in Fig. 2. In comparison with the results of quasi-
chemical model (Fig. 1), ln(ΔHf/Δχ

2) is equivalent to –ln(XAB), which implies a
strong correlation between formation heat and the A-B bond properties (concen-
tration and energy) at micro-configurations about XA = 0.6.

The second system deals with the eutectic temperature of binary systems of
transition metal silicides [10], since it is widely accepted for a strong correlation
between diffusion and temperature [7]. In the same fashion of Fig. 2, the ordinate is
formulated as the logarithmic (Teu/Δχ

2) where Teu is the eutectic temperature. The
result is shown in Fig. 3. Similarly as in Fig. 2, the QC dependence with XA = 0.6
(bold line) is re-scaled to fit this set of experimental data. Furthermore, since ln(Teu/
Δχ2) is equivalent to –ln(XAB), it implies a strong correlation between the eutectic
temperature and the A-B bond properties at micro-configurations about XA = 0.6.

Inspired by the above success, we further study the diffusion of Si into metals by
the reverse engineering technique. The diffusion activation energies and the cor-
responding average temperatures are extracted from [18] and summarized in
Table 1. The ordinate is chosen as lnð Q

RTðDvÞ2Þ where Q is the activation energy,

R the gas constant, and T the average temperature. The resulting trend of (Δχ)2

versus lnð Q
RTðDvÞ2Þ is shown in Fig. 4. Similarly, the QC dependence with XA = 0.6

(bold line) is re-scaled to match this set of experimental data. Compared to Fig. 1,
lnð Q

RTðDvÞ2Þ is equivalent to –ln(XAB), implying strong correlation between the acti-

vation energy and the A-B bonding properties.
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Finally, we study the reaction barrier (activation energy, ΔE) in the diffusion of
O, S, N on (111) surfaces of various metals (Ni, Re, Ag, Pd, Pt, Ru, Cu) [13]. Using
the data listed in Table 2, we calculate ln(ΔE/Δχ2) and plot it against (Δχ)2 in Fig. 5.
The term (RT) is omitted as the temperatures are the same for this set of data. Again,
the QC dependence with XA = 0.6 (bold line) is re-scaled to reproduce the exper-
iment trend. Similarly, a strong correlation between the activation energy and the
microscopic A-B bonding is demonstrated.
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Table 1 Diffusion activation
energies of Si into metals and
the electro-negativities of
metals

Metal Average
temp. °C

Activation
energy cal
mole−1

Metal electro-
negativity eV1/2

Ti 1,050 39,700 1.86

Zr 1,100 55,750 1.7

V 1,100 61,200 2.22

Nb 1,100 48,000 2.03

Ta 1,000 34,600 1.94

Cr 1,000 22,760 2

Mo 1,350 78,000 1.94

W 1,000 63,000 1.79

Fe 1,000 22,030 1.67
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Fig. 4 Dependence of ln(Q/
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4 Concluding Remarks

We demonstrated, on the basis of quasi-chemical model, a general frame work to
formulate diffusion activation energy from solution thermodynamics. Although in
this study our approach reproduced diffusion activation energy for relative simple

Table 2 Energies of initial and transition states in the diffusion of O, S, N on (111) surfaces of
various metals (data read from [13]), and electro-negativities of each system

System Energy, (eV) Electro-negativity, (eV1/2)

Initial state Transition state Non-metal Metal

C/Ru −6.69 −6.12 2.37 1.97

C/Pt −6.27 −5.38 2.37 1.91

S/Re −5.69 −5.21 2.65 2.06

S/Ru −5.64 −5.08 2.65 1.97

N/Ru+ −5.55 −4.73 2.85 1.97

O/Ru+ −5.40 −4.80 3.32 1.97

O/Ru −5.07 −4.34 3.32 1.97

N/Ru −5.06 −4.54 2.85 1.97

S/Ni −5.02 −4.64 2.65 1.76

O/Ru− −4.79 −4.35 3.32 1.97

S/Pt −4.74 −4.18 2.65 1.91

N/Ru− −4.59 −3.98 2.85 1.97

C/Cu −4.25 −3.73 2.37 1.08

S/Cu −4.14 −3.89 2.65 1.08

O/Pt+ −4.08 −3.47 3.32 1.91

C/Cu− −4.02 −3.56 2.37 1.08

O/Pt −3.63 −3.16 3.32 1.91

O/Pd −3.54 −3.06 3.32 2.08

O/Ag −3.06 −2.71 3.32 1.07

H/Pt −2.58 −2.37 2.1 1.91
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Fig. 5 Dependence of ln(ΔE/
Δχ2) and (Δχ)2 for the reaction
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on (111) surfaces of various
metals
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systems, in principle similar calculations may be carried out for multi-component
and multiphase systems because the needed bond fraction and bond energy data can
be derived from quasi-chemical model, which complements the popular computing
intensive density functional theory (DFT) approaches [19–22]. The method offers
opportunities to further understand the interplay between chemical kinetics and
thermodynamics in general, and was applied recently in chemical gas sensor
development [23].
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Shear Strength of Single Lap Joint
Aluminium-Thermoplastic Natural
Rubber (Al-TPNR) Laminated Composite

M.Z. Muzakkar, S. Ahmad, M.A. Yarmo, A. Jalar and M. Bijarimi

Abstract In this work, we studied the effect of surface treatment of the aluminium
surface and a coupling agent to improve adhesion between aluminium with organic
polymer. Thermoplastic natural rubber (TPNR) matrix was prepared by melt
blending of natural rubber (NR), liquid natural rubber (LNR) as a compatibilizer,
linear low density polyethylene (LLDPE) and polyethylene grafted maleic anhy-
dride (PE-g-MAH) as a coupling agent. The PEgMAH concentration used was
varied from 0 to 20 %. In addition, the aluminium surface was pre-treated with
3-glycidoxy propyl trimethoxy silane (3-GPS) to enhance the mechanical properties
of laminated composite. It was found that the shear strength of the single lap joint
Al-TPNR laminated composite showing an increasing trend as a function of PE-g-
MAH contents for the 3-GPS surface treated aluminium. Moreover, the FTIR-ATR,
XPS and SEM analysis revealed that the strength improvement was associated to
the chemical state of the compound involved.
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1 Introduction

Recently, a lot of attention has been focused upon the development of polymer
matrix composite with metals (sandwich/laminate composite). These composites
are used in a wide range of applications such as aerospace, automotive, implants,
electronic, packaging, defense, nuclear, medical, etc. As compared to homogenous
metal sheets, the metal-polymer laminated composite have many unique properties
in terms of low density and weight, high bending strength as well as good sound,
vibration and damping characteristics [7, 24, 28, 37, 38].

The preparation of suitable metal-polymer laminates requires many practical
considerations. It has been established that one of the most important considerations
is the pretreatment process of metal surface either by mechanical, chemical, elec-
trochemical and coupling agents. The coupling agent is well-known to enhance the
molecular bonding between polymer matrix and inorganic particulates. It
strengthens the interfacial adhesion when one end of the molecule is tethered to the
reinforcement surface and the functionality at the other end reacts with the polymer
phase [3–5, 8, 14, 27, 34, 39, 46]. Typically, the coupling agents are classified into
organic, inorganic, and organic-inorganic groups. The organic agents include iso-
cyanates, anhydrides, amides, imides, acrylates, chlorotriazines, epoxides, organic
acids, monomers, polymers, and copolymers. On the other hand, the inorganic
agents such as silicates can be found in the study of nanocomposite (Polymer-
layered silicate nanocomposites). The other types include the organic-inorganic
agents, i.e. silane and titanate [25].

It is a tedious and time-consuming process to select the appropriate coupling
agents experimentally. Silane is recognized as an efficient coupling agent that can
be used in the composites and adhesive formulations [30]. Silane coupling agents
have a generic chemical structure R(4 − n)–Si–(R′X)n (n = 1, 2) where R is alkoxy,
X represents an organofunctionality, and R′ is an alkyl bridge connecting the silicon
atom and the organofunctionality. The organofunctionality for every silanes is very
specific. Most of them were used during the past decade by the researchers are
amino, APS [44], mercapto, MRPS [2], glycidoxy, GPS [16, 41], vinyl, VTS [20],
alkyl, HDS [1], or methacryloxy group, MPS [33].

Usually polar materials with good strength are selected as a polymer matrix.
Functional groups like –C=O, –OH, –COOH, –NH2, etc., make a polar polymer with
inherent surface strength better than the non-polar polymers [8, 14, 38]. The non-
polar polymers can be surface modified by surface oxidizing [10], chemical etching
[19], surface grafting [31], flame treatment [13], electron beam [18], microwave
irradiation [40], electrical plasma discharge [23] and glow discharge [22] etc. All of
these processes aim to create polar groups at the polymer surface to increase the value
of the surface-free energy and adhesive properties of polymeric materials. In recent
years, many studies are dedicated to obtain new materials by blending between
polyolefins with natural materials that is rich in functional groups like –OH, –CO,
–CHO and etc. For example, the use of starch [6], wood [11], rice straw [42] etc., and
natural rubber [17, 21]. Blending between polyolefin as a thermoplastic polyolefin
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(TPO) with natural rubber is known as thermoplastic elastomer (TPE) but it is
commonly called as a thermoplastic natural rubber (TPNR).

Apart from modifying the polymer surface, the adhesion between polymeric
material with the primary metal structures also requires some attention. It is well-
known that the polyethylene exhibits insufficient adhesive bond strength due to low
surface energy. This property drawback has been solved by chemical, thermal,
mechanical and electrical treatments. However, the dry treatment method is more
suitable for industrial applications. Previous works have shown the effect of the
maleic anhydride coupling agent [8, 14, 28] by imparting polarity to a polyolefin
surface that enables an improved adhesive bonding with aluminium and pretreated
aluminium surface [3, 27, 34]. Chen et al. [7] prepared an aluminum-polypropylene
(Al-PP) laminated composite by using PP-g-MAH as a coupling agent and 3-APS
was used to treat the surface of the aluminum. da silva et al. [12] fabricated steel-
epoxy composite laminates and steel surfaces coated with an organic phosphate,
while Pereira et al. [26] fabricated Al-epoxy composite laminates and then alumi-
num surface treated with sodium dichromate-sulfuric acid etch (CSA). Putman and
Vaida [28] studied of mechanisms of interfacial adhesion in metal–polymer com-
posites. They have produced a steel-polymer laminate composite from their studies.
Cold-rolled low carbon steel (AISI/SAE1018) was used. Polymer laminates are
hard TPU Pearlthane D11T75 merquinsa, soft TPU Pearlthane D11T85E merqu-
insa, nylene Custom Resins 401D, PP, and PPMA as a coupling agent. Steel surface
was coated with an adhesive nano fullerene epoxy resin CNT epoxy. Sokolova et al.
[35] produced a composite laminate consisting of high-quality austenitic stainless
steel (316L) sheets with anominal thickness of 0.5 mm. The core consisted of a
polyolefin foil being a mixture of polypropylene (PP) and polyethylene (PE)
polymers, talc [Mg3Si4O10 (OH)2], rutile (TiO2) and barite (BaSO4). Adhesive for
bonding the layers such as epoxy resin Koratac FL 201 (Kommerling) was used.
Recently, Zhang et al. [45] produced a composite laminate of aluminum alloy-
epoxy-soft steel. The main ingredient was the matrix diphenol epichlorohydrin-4,4-
isopropylidene with acrylic butadiene copolymer (CTBN) as a reinforcing agent.

In the present work, we investigated the potential use of polyethylene grafted
maleic anhydride (PE-g-MAH) coupling agent in the thermoplastic natural rubber
(TPNR) LLDPE/NR/LNRmatrix for Al-TPNR laminated composite. In the addition,
the 3-GPS used as pretreatment to the surface of ground aluminium sheet in order to
improve the shear strength of single lap joint aluminium-TPNR laminated composite.

2 Experimental

2.1 Material

Natural rubber (NR) was obtained from the Rubber Research Institute of Malaysia
(RRIM). Liquid natural rubber (LNR) was prepared in our laboratory by photo-
chemical oxidation of natural rubber (NR). Natural rubber (1 kg) was cut
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approximately into 1 cm × 1 cm × 1 cm cube. After that, it was mixed in toluene
solvent with 0.2 g methylene blue, 0.26 g rose bengal and 10 mL methanol. Liquid
natural rubber was formed when exposed under UV in a photoreactor after 12 days
[32]. Linear low density polyethylene (LLDPE) from Exxon Mobil Chemical
Manufacturing Singapore was used. The metal used is a pure aluminium sheet with
specifications; thickness 1.5 mm, serial number AA1100 (Al = 99.00 %; Si and
Fe = 0.05 %, Mn = 0.05 %; Zn = 0.10 %; Cu = 0.05–0.2 % and other con-
tent = 0.05 %). Other materials used are polyethylene-grafted-maleic anhydride,
PE-g-MAH (melting point = 105 °C; d = 0.925 g/mL) and silane coupling agent
of 3-glycidoxy-propyl-trimethoxy-silane (3-GPS), [(H2COCH)–CH2O(CH2)3Si
(OCH3)3], both are manufactured in Aldrich Chemistry USA. The chemical structure
of PE-g-MAH and 3-GPS are shown in Fig. 1.

2.2 Preparation of Al-TPNR Laminated Composite

Thermoplastic natural rubber (TPNR); LLDPE, NR, LNR (80:15:5) and PE-g-
MAH were blended by using an internal mixer, ThermoHaake, at 140 °C, rotor
speed 50 r min−1 and mixing time of 12 min. Various concentrations of PE-g-MAH
(0, 5, 10, 15, and 20 %) were incorporated into the compounds. The matrix is made
of thin layers using a compression molding at a temperature of 160 °C, pressure
0.5 MPa for 10 min. Aluminium sheets were cut to single lap shear tensile test,
following to the standard of ASTM D 1002-72 for the sandwich structure. The
aluminium sheets were boiled in distilled water for 30 min, cleaned with acetone at
room temperature, and then ground with sandpaper of P600A. After that, the alu-
minium sheets were cleaned again with acetone at room temperature and then dried
in the ambient air. Several sheets of aluminium were treated by dipping into a
solution of 3-GPS 1 % (in ethanol), for 5 min, then stirring continuously for another
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Fig. 1 Chemical structure of a LLDPE, b natural rubber (NR), c PE-g-MAH and d 3-GPS
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30 min. The sample matrix was then placed between two aluminium sheets and
compressed to 10 min under the pressure of 0.5 MPa, at 160 °C temperature. The
thickness of the matrix (TPNR) between two aluminium sheets are controlled to be
about 0.05 mm by the applied pressure and moulding.

2.3 Characterization of Al-TPNR Laminated Composite

Tensile properties were measured using 10-tons Testometric M500-50CT tester
with a crosshead speed of 1 mm/min. Every value of lap shear strength was
averaged of five specimens include standard error. Fracture surface morphology of
single lap shear tensile sample was carried out by using LEO 1450VP scanning
electron microscope (SEM) with an acceleration voltage of 20 kV. Various ele-
ments, functional groups and bonds formed on the top surface of the aluminium
were investigated using X-ray photoelectron spectroscopy (XPS) AXIS Ultra DLD
with monochromatic Al Kα radiation source (1486.6 eV), operating at a power of
150 W, was used to generate the emission of photoelectrons from the surface of the
samples. Fourier transforms infrared (FTIR) spectroscopy spectrum 400 with
attenuated total reflectance (ATR) method analysis to determinate functional group
on the surface. For each spectrum, ATR ranges 4,000–650 cm−1, 10 scans at a
spectral 4 cm−1 resolution were recorded.

3 Result and Discussion

3.1 FTIR Spectroscopy Analysis

Figure 2 shows FTIR spectra of LLDPE, PE-g-MAH, NR, TPNR (LLDPE/-NR/
LNR) and TPNR plus PE-g-MAH (LLDPE/NR/LNR/PE-g-MAH). The functional
groups that are related to the chemical state of Al-TPNR laminated composite
interfaces such as –C=O can be characterized in the frequency 1,709 cm−1 (for
PE-g-MAH), 1,645 cm−1 (for system LLDPE/NR/LNR) and –OH in the frequency
3,394 cm−1 respectively. The appearance of functional groups –C=O and –OH on
the matrix surface were believed to have formed during mixing as a result of
material oxidation. These functional groups are important in the physical and
chemical interactions in the bonding interface of Al-TPNR laminated composite [7,
28]. Chen et al. [8] reported that carboxylate complexes (Al–O–C=O) formed
through interfacial interaction of MAH with metal substrates by Fourier transform
infrared spectroscopy (FTIR) techniques and also proposed that carboxylate com-
plexes formed by interfacial interaction between MAH grafted in PP and surfactant
on the aluminium surface as a substrate. Yang et al. [41] reported that kinetics and
reaction mechanism of γ-GPS on low carbon steel surfaces by FTIR-ATR, AFM,
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NSS and theoretical calculation method. They reported that the reaction of γ-GPS
on low carbon steel surfaces followed the conventional reaction mechanism, which
can be described as a reaction (I) (Me (Metal)–OH + HO–Si → Me–O–Si + H2O)
and reaction (II) (Si–OH + Si–OH → Si–O–Si (siloxane) + H2O).

3.2 XPS Analysis

An XPS spectrometer of the aluminium surface after the pretreatment procedure is
shown in the Fig. 3a–c respectively. Al 2p spectra after pretreatment showed the
formation of Al (72.25 eV), Al2O3 (74.45 eV) and 74.80 eV for Al–OOH and Al–Si
bond (Al2SiO5), C 1s showed formation of C–C and C–H (285.6 eV), CO and COC
(287.2 eV), COC and COH (286.3 eV) and COOH (288.5 eV), and O 1s also
showed formation SiO2 and MO (M = metal) (530.95 eV), O = (532.2 eV), and –O–
(533.7 eV) at the surface of aluminum. The formation of OH or COOH functional
groups on the surface of the aluminium, resulted in physical interaction, such as the
van der Waals and hydrogen bonding interaction between TPNR or PE-g-MAH and
surfactants (3-GPS) of the pretreated aluminium sheets at the interface. This has
contributed to improve the interfacial adhesive strength and the chemical interac-
tions at the interface [3, 5, 8, 28, 39].

Chen et al. [7] reported that the effect of the amount of maleic anhydride-grafted
polypropylene (PP-g-MAH) in polypropylene (PP) and aluminium surface pre-
treated by 3-aminopropyltrimethoxysilane (3-APS) on lap shear strength of adhe-
sive-bonded Al-PP laminated composite. For pure PP, the lap shear strengths were
found to be weaker than composites. SEM analysis has shown that a fracture with
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almost no plastic deformation on the aluminium surface was observed. Modification
of PP by the addition of 5–30 wt% amount of PP-g-MAH increased the lap shear
strength significantly. It was due to the chemical interactions between –OH, Al3+ or
amino group –NH2 at the surface of the aluminium sheets and the polar functional
anhydride groups and carboxylic groups –COOH on PP-g-MAH at the interface
(polar group investigated by XPS analysis).

3.3 SEM Analysis

Figure 4a, b shows the SEM micrographs of the lap shear fractured aluminium
surfaces with and without PE-g-MAH in TPNR matrix and coupling agent, 3-GPS.
It can be seen in Fig. 4a that almost all aluminum surfaces are clearly visible and
almost no inherent TPNR, it is due to no interfacial physical and chemical inter-
action. In contrast, when the PE-g-MAH was added and aluminum surfaces pre-
treated with 3-GPS, it appears the fracture surface of aluminum remains as a strong
matrix inherent as shown in Fig. 4b. Chen et al. [7] reported that pretreatment
aluminum surface with the addition of coupling agent and maleic anhydride grafted
into the plastic has enhanced the adhesion strength between polymer matrices with
metal; hence an improved composite laminate could be obtained [8, 39].

3.4 Lap Shear Strength

The shear strength of the single lap joint of laminate composite was performed to
analyze the effect of surface roughness, polymer type and metal surface treatment to
the bond strength between metal and polymer (interface adhesion mechanism). It has
been widely postulated that the creation of covalent bonds at the interface is suffi-
cient for creating viable adhesive strength in adhesion-related applications [5, 7, 14].

Figure 5 shows the shear strength of the single lap joint Al-TPNR laminated
composite with TPNR plus PE-g-MAH and the coupling agent, 3-GPS, which was
added as a pretreatment on the surface of the aluminium sheet. With the addition of
15 % PE-g-MAH into the TPNR, the lap shear strength increased from 0.58 to
5.98 MPa as compared to TPNR system only. This remarkable increment of 931 %
was further enhanced for the laminate composite treated with 3-GPS 1 % coupling
agent. The lap shear strength was further increased to 13 % against the untreated
laminate composite. This could be contributed by the physical interactions, such as
the van der Waals interaction between TPNR and surfactants of the pretreated
aluminium sheets as well as the mechanical interlocking between TPNR and sur-
face roughness of the aluminium sheets at the interface. With the addition of
grafting maleic anhydride into polyolefin and coupling agent on the aluminium
surface, the increase in the lap shear strength should be ascribed to the contribution
of chemical interactions at the interface [4, 7, 14, 24, 39].
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The contribution in the lap shear strength laminated composite is not only due to
the chemical interactions and physical strength at the interface, but also the pro-
cedure of curing. The physical and mechanical properties of adhesives, adhesive
and bonding stiffness base metal interface also contributes the strength of the
laminate composite. You et al. [43] proposed that the failure mode in the single lap
joint may be changed with the curing procedure or conditions, physical and

Fig. 4 SEM images of lap shear fractured surface; a of the adhering aluminum sheet without
3-GPS and PE-g-MAH, b adhered aluminium sheet with 3-GPS and PE-g-MAH 1 wt% added in
TPNR matrix
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mechanical properties of the epoxy adhesive, and the steel base interface. By
changing the extent of adhesive curing or interface properties, the stress distribution
within the joint could be modified. Reis et al. [29] reported that the shear strength of
lap joints was significantly influenced by stiffness, and the highest shear stresses
were obtained by using high stiffness adherend materials. The superposition length
influences the shear strength in different ways depending on the different adherend
materials.

Figure 5 shows that after the addition of PE-g-MAH at 15 % concentrations, the
shear strength decreases. This phenomenon occurs due to capacity (concentration)
matrix interaction with the surface. Generally, the interface bonding surface
strength increases monotonically with the number of interactions. Bonding strength
can be determined by capacity surface bonding and interface mechanism. Song
et al. [36] reported that adhesion and frictional performances of the molecule or
functional groups textured surfaces strongly correlated to the wetting property of
the textured surfaces that is the larger the water contact angle (WCA), the better the
adhesion and friction performances of the textured surfaces. When the concentra-
tion of PE-g-MAH has reached a critical concentration, the excess concentration of
PE-g-MAH is no longer interacting with the metal surface but interacts with the
nonpolar from the other side of the PE-g-MAH. The interaction force between
–COOH functional groups of PE-g-MAH with –CH3 in polymer or PE-g-MAH is a
weak interaction compared interaction –COOH with –OH on the surface or –COOH
group on PP [9]. Ku et al. [15] reported that the shear strength of aluminum-
polypropylene laminated composite increased after surface oxidation of polypro-
pylene by atmospheric pressure plasma method. Increased PP surface roughness
and concentration of hydrophilic functional groups –CO and –OH generated after
plasma, indicated the formation of the chemical and physical interactions at the
surface of the PP with aluminium.
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4 Conclusions

The shear strength of single lap joint Al-TPNR laminated composite increased by
931 % when the PE-g-MAH was added at 15 % into the TPNR. With the 3-GPS
1 % coupling agent on the treated aluminium surface, the lap shear strength was
further increased by another 13 % as compared to the untreated laminate composite.
These phenomena could be associated with the physical and chemical interaction
between the AlOOH, COOH, CO, COC, COH and Al–Si (Al2SiO5) as confirm by
the XPS, FTIR and SEM analysis.
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A New Technique to Observe ENSO
Activity via Ground-Based GPS Receivers

Wayan Suparta, Ahmad Iskandar and Mandeep Singh Jit Singh

Abstract In an attempt to study the effects of global climate change in the tropics
for improving global climate model, this paper aims to detect the ENSO events,
especially El Nino phase by using ground-based GPS receivers. Precipitable water
vapor (PWV) obtained from the Global Positioning System (GPS) Meteorology
measurements in line with the sea surface temperature anomaly (SSTa) are used to
connect their response to El Niño activity. The data gathered from four selected
stations over the Southeast Asia, namely PIMO (Philippines), KUAL (Malaysia),
NTUS (Singapore) and BAKO (Indonesia) for the year of 2009/2010 were pro-
cessed. A strong correlation was observed for PIMO station with a correlation
coefficient of −0.90, significantly at the 99 % confidence level. In general, the
relationship between GPS PWV and SSTa at all stations on a weekly basis showed
with a negative correlation. The negative correlation indicates that during the El
Niño event, the PWV variation was in decreased trend. Decreased trend of PWV
value is caused by a dry season that affected the GPS signals in the ocean-atmo-
spheric coupling. Based on these promising results, we can propose that the ground-
based GPS receiver is capable used to monitor ENSO activity and this is a new
prospective method that previously unexplored.

1 Introduction

Global Positioning System (GPS) is satellite constellation of geodetic system that has
been employed for determining position on the earth’s surface in 3D and time. During
its development, GPS technique can be applied to observe the characteristics of the
Earth’s atmosphere, including weather conditions. The ‘weather’ here, covering the
sun until the surface activities. Bevis et al. [1] was firstly introduced the technique to
observe the weather as well as climate by proposing the ground-based GPS and
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combined with meteorological sensors which are known as the GPS meteorology.
GPSmeteorology carried to characterize the diversity of climate behavior in the lower
atmosphere (the troposphere) and the upper atmosphere layers (Ionosphere) [2]. This
can be done by exploiting the delay of GPS satellites in the atmosphere by propa-
gation of electromagnetic signals. The measurements of GPS signals are then used to
detect variations that occur in the atmosphere. One major of the atmospheric com-
ponent caused the signal delay is the precipitable water vapor (PWV).

PWV is a paramount parameter that has crucial roles in the weather and global
climate. One of the factors that possibly affecting the PWVvariation is due to El Niño-
Southern Oscillation (ENSO) phenomenon. ENSO is a complex phenomenon that
results from interaction between the ocean and the atmosphere in the tropical Pacific
Ocean, which consisted of warm (El Niño) and cool (La Niña) phases. There are some
indicators to detect ENSO phenomenon that has been employed, such as sea level
pressure anomaly (SLPa), sea surface temperature anomaly (SSTa) and multivariate
ENSO index (MEI) and the zonal gradient of precipitation [3–6]. In addition to
employ of these parameters, the United States collaborated with the French in 1992 to
launch altimetry satellite TOPEX/Poseidon (T/P) for ENSOmonitoring [7]. However,
the data from this monitoring is still ongoing, which expected for climate research.

Here, GPS measurements through PWV have been employed to study the ENSO
activity, where La Niña is one of the phases of ENSO that causes increased of PWV
value [8]. The use of this technique is effective-cost and the system no extra
maintenance for a longer period, and the data acquired is also useful for space
weather studies. Therefore, this study will focus on the analysis of ENSO, espe-
cially El Niño phase by using GPS meteorology over the Southeast Asia region.
With this technique, an understanding of the characteristics and physical mecha-
nism during El Niño phase can be provided.

2 Methodology

2.1 PWV Retrieved from GPS

The concept of measurements of PWV from GPS technique is depicted in Fig. 1.
From the figure, the GPS signal propagate to a receiver on the ground that has been
interacting with sea surface of the ocean. When the GPS signal propagates through
the Earth’s atmosphere, it is affected by the variability of the refractive index of the
ionosphere and troposphere. The excess delay of the signal causes bending of the
signal, and the total delay along the slant path can be determined [9]. In line with
that, the total tropospheric delay (ZTD) in the neutral atmosphere, which comprised
the zenith hydrostatic delay (ZHD) and zenith wet delay (ZWD) can be calculated
based on the improved Modified Hopfield model [2, 10]. The ZHD was calculated
using the Saastamoinen model [11]. A Vienna mapping function (VMF1) was
employed to reduce the atmospheric bias in the ZTD estimation [12]. The ZWD
was computed by subtracting ZHD from ZTD. The ZWD was then transformed into
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an estimate PWV by employing the surface temperature measured at a particular
site. The PWV total (in mm) from a receiver position to the top of the atmosphere
can be calculated. Detailed of PWV determination from GPS observations for this
work can be found in the paper of Suparta et al. [2] and Suparta [13].

To calculate the PWV, the GPS data is combined with meteorological data
(pressure (P in mbar), temperature (T in °C) and relative humidity (H in percent)).
The meteorological data obtained from the meteorology station should be collo-
cated with the GPS station to obtain optimum accuracy of vertical water vapor. For
the meteorological data that was not collocated with GPS station, interpolation of
the meteorological data into the GPS station will be conducted by using the for-
mula, as proposed by Klein Balting et al. [14]. The total PWV was estimated using
the formula proposed by Bevis et al. [15]:

PWV ¼ p Tmð ÞZWD ð1Þ

where p Tmð Þ is the conversion factor that varies with local climate (e.g., geo-
graphical condition, season and weather) and dependent on a weighted mean
temperature Tmð Þ, ZWD is Zenith Wet Delay derived from GPS observations. Based
on the above formula, Tm is crucial parameter in the estimation of PWV value, and
for the Western Pacific region with latitude range 20°N–20°S and longitude
95°E–156°E, the Tm was obtained as [16]

Fig. 1 Propagation of GPS signals to a receiver on the ground that covers the sea surface
temperature influences adopted from Suparta et al. [8]
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Tm ¼ 0:83663 Ts þ 48:103 ð2Þ

where Tm is in Kelvin and Ts is the surface temperature (in Kelvin). Note that the
empiric Tm equation was obtained by a regression linear method for 15 selected
radiosonde stations over the Western Pacific.

2.2 Data and Location

The GPS and meteorological data for this study were gathered from four selected
stations over the Southeast Asia region. El Niño phase that occurred in 2009/2010 is
selected, and the data was processed to verify the response of GPS PWV on ENSO
phenomenon. The GPS station consists of the Philippine Island Manila Observatory
(PIMO), Kuala Terengganu (KUAL), Nanyang Technological University Singapore
(NTUS) and Bakosurtanal (BAKO). For the four selected stations, PIMO is located at
Quezon City of Metro Manila, Philippines, while KUAL station is located on the
East Coast of Peninsular Malaysia. Meanwhile, the NTUS station is located in the
south-western part of Singapore, near the Jurong West Extension area, and slightly
moved downward, BAKO is located in Cibinong, West Java, Indonesia. For the
meteorological station, the data is collected from Manila airport weather station
(Philippines), Kuala Terengganu (Malaysia), Nanyang Technological University
(Singapore), and Soekarno-Hatta (Indonesia). The GPS data from KUAL station was
obtained from the Department of Survey and Mapping Malaysia (DSMM), while
another station was downloaded from the Scripps Orbit and Permanent Array Center
(SOPAC) website. All the GPS data were supplied with resolution of a 30 s interval.
The meteorological data were downloaded from the Weather Underground website.

The location of the study is depicted in Fig. 2. The specific of geographical
coordinates for GPS stations and instruments set up of the GPS receivers is shown
in Table 1, while the specific of geographical coordinates of meteorology station is
compiled in Table 2. To relate the ENSO activity with PWV response, SSTa
Oceanic Niño Index (ONI) in pathways of Niño 3.4 and Niño 4 regions is
employed. The SSTa data were obtained from the National Oceanic and Atmo-
spheric Administration (NOAA) which provided weekly.

2.3 Data Processing

To process and analyze all the parameters, a tropospheric water vapor program
(TroWav) developed by Suparta et al. [2, 12], Suparta [13] was employed. The
algorithms of the TroWav include satellite elevation angle, the ZTD, the ZHD, the
ZWD and mapping function calculations. Figure 3 shows the flowchart of PWV
determination. Then to study the relationship between GPS PWV and ENSO
activity uses the correlative analysis. All the data are analyzed on a weekly basis
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because the SSTa data only available on a weekly. The weekly data processing is
based on the GPS week from daily data. In the figure, GPS data for KUAL are
available in binary format (*.dat), consisting of *.nav and *.obs. To translate, repair
and testing the GPS data uses a Translate/Edit/Quality Check (TEQC) routine
developed by UNAVCO (http://www.unavco.org/). The TEQC routine can convert
*.dat file into the Receiver Independent Exchange Format (RINEX) files. Then split

Fig. 2 Location of the study

Table 1 Geographical coordinates and instruments set up of GPS receivers

Station (country) Latitude
(degree)

Longitude
(degree)

Height
(m)

Type of GPS receivers

PIMO (Philippines) 14.64N 121.08E 95.53 ASHTECH UZ-12

KUAL (Malaysia) 5.32N 103.14E 55.00 Trimble NetR5

NTUS (Singapore) 1.35N 103.68E 75.38 LEICA
GRX1200GGPRO

BAKO (Indonesia) 6.49S 106.85E 158.20 LEICA GRX1200+GNSS

Table 2 Geographical coordinates of meteorological stations

Station (country) Latitude (degree) Longitude (degree) Elevation (m)

Manila (Philippines) 14.50N 121.00E 21.00

Kuala Terengganu (Malaysia) 5.30N 103.10E 9.00

NTUS (Singapore) 1.35N 103.68E 75.38

Soekarno-Hatta (Indonesia) 6.10S 106.70E 8.00
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into individual files (L1, L2, C1, P2, epo, eph) for easy processing using Matlab™
program. For another station, all the RINEX observation file uses hatanaka (d-file)
format and processed with 30 s interval (Fig. 4).

Fig. 3 Flowchart of PWV estimation adopted from Suparta et al. [8]

Fig. 4 The weekly average of PWV variation from GPS measurements for the year of 2009/2010
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3 Results and Discussion

3.1 PWV and SSTa Variability

Figure 3 shows the weekly average of PWV variation from GPS measurements for
the year of 2009/2010 at four selected stations. Based on the figure, the PWV
pattern at each station is varied. For PIMO station, the range of PWV value was
between 38 and 53.12 mm with an average of 46.90 mm. Another station like
KUAL, NTUS and BAKO, the PWV value was lower than the PIMO station. Their
averages of PWV were 40.20, 43.00 and 42.83 mm, respectively. Looked at the
standard deviation (STD) value, the PWV for PIMO station was found higher of
4.33 mm than the other stations. The detail comparison of statistical analysis of
PWV for all stations is presented in Table 3. From the figure, PIMO station showed
a clear annual pattern of PWV, which is higher during the summer and lower during
the winter. This trend almost followed by PWV at NTUS station, although the data
is not completed. For BAKO and KUAL, the PWV trend is difficult to characterize
although they appeared increased during the first inter-monsoon (April–May) and
second inter-monsoon (October–November). The ripples peak of PWV occurred
during June–July of 2009 at BAKO and NTUS stations shows that ENSO activity
starting to disturb the atmosphere of both stations.

ENSO plays a crucial role in generating extreme conditions across the Pacific
Ocean, in Indonesia and in the Borneo region. The more serious ENSO events with
infamous their direct effects on communal health and livelihood were taken place in
1982/1983 and 1997/1998. For that reason, the ability to understand the ENSO
pattern and predict its occurrences will allow for improved preparation to mitigate
its effects and simultaneously support the preservation of the tropical rain forest in a
targeted region. To observe their relevance to the water vapor changes during
ENSO occurrences, two definitions to identify ENSO events can be applied. First,
an ENSO event occurs when the 5-month running mean of the SST anomalies
(SSTa) in the Niño 3.4 region is continuously higher than ±0.4 °C for 6 months
[17]. The second definition was provided by the Japan Meteorological Agency
(JMA) using a 1° meridionally narrower region of Niño 3 (4°N–4°S and
150°W–90°W), whereby an ENSO event is determined to have occurred when the
5-month running mean of the spatially averaged SSTa is larger than ±0.5 °C for six
consecutive months [18]. The reason employed of 5-month running mean of SSTa
is to average over the intra-seasonal variations in the tropical ocean. So that SSTa
turns out to be a good indicator to detect ENSO activity.

Table 3 The statistical analysis of PWV

Station Minimum (mm) Mean (mm) Maximum (mm) STD (mm)

PIMO 38.06 46.90 53.12 4.33

KUAL 32.95 40.20 46.78 2.24

NTUS 36.99 43.00 46.83 1.92

BAKO 37.01 42.83 48.59 2.83
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Figure 5 presents the ENSO identification according to JMA (SSTa > 0.5 °C) for
eleven months or more is an ENSO warming (El Niño) event, while the shaded
region with SSTa < −0.5 °C (JMA) is an ENSO for cooling phase (La Niña event),
and otherwise is neutral. From these two definitions, we confident to propose an
ENSO event will occurs when SSTa > ±0.5 °C at Niño 3 and Niño 3.4 regions. For
the analysis, the weekly SSTa data throughout the year of 2009/2010 is presented.
In general, from the SSTa changes at Niño 3.4 or Niño 4, the El Niño phase is
occurred from the middle of June 2009 until April 2010. From the figure, it can also
be seen that the maximum peak of El Niño was occurred in December 2009 for
Niño 3.4 region with SSTa value of 1.9 °C and October–November 2009 for Niño 4
region with SSTa value of 1.6 °C. In our case, the selected site of study was located
nearby the Niño 4 region.

3.2 Monitoring of GPS PWV Variability During
El Niño Event

As mentioned previously, the correlative analysis is used to indicate the PWV
response on El Niño event. During the event from June 2009 to April 2010, the
relationship between GPS PWV and SSTa for Niño 3.4 and Niño 4 regions is varied
at each station. Figure 6 shows the scatterplot between GPS PWV and SSTa for
Niño 3.4 region for both increasing and decreasing phases. During the increased in
intensity of El Niño in June−December of 2009 (Fig. 6a), a strong relationship was
observed for PIMO station with a correlation coefficient of −0.90, moderate rela-
tionship was obtained for KUAL station with a correlation coefficient of −0.56 and
found no correlation for NTUS and BAKO stations, which are all significant at the
99 % confidence level. A low correlation during decreasing in intensity of El Niño

Fig. 5 The weekly SSTa variation at Niño 3.4 and Niño 4 regions for the year of 2009/2010
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(December 2009–April 2010) was observed (Fig. 6b) for PIMO and NTUS stations
with correlation coefficients are −0.34 and −0.38, respectively, while for KUAL
and BAKO stations are found no correlation (as indicated by No in the figure).

For the analyzing of relationship between GPS PWV and SSTa for Niño 4 region,
the scatterplot during El Niño event 2009/2010 is presented in Fig. 7. As shown in
Fig. 7a, the relationship between GPS PWV and SSTa during the increased in El
Niño intensity for PIMO and KUAL stations were observed moderate, except for
NTUS and BAKOwith a low correlation. While during the decreasing in intensity of
El Niño (Fig. 7b), PIMO and KUAL was not correlated. A low correlation was
observed for NTUS and BAKO stations with correlation coefficients of −0.39 and
−0.40, respectively. From the figure, BAKO station was still with a low correlation,
which likely low impacted by the El Niño event of 2009/2010. On the other hand,
during increasing in intensity of El Niño, station located along the coast is more
pronounced that the station in the land like NTUS and BAKO. The low effect of El
Niño at specific site is probably due to season change from winter to summer.

The detail of the correlation coefficient value at all stations is compiled in
Table 3. From the table, SSTa for Niño 3.4 shows the strong relationship on the
GPS PWV. Moreover, the relationship between GPS PWV and SSTa at all stations
during El Niño event is negative correlation, except for NTUS and BAKO during
the increasing of El Niño intensity. The negative correlation indicated that the
amount of GPS PWV is decreased during the event. This brings consequence that
the delay of GPS signals from satellite to the receiver on the ground is larger. One

Fig. 6 Scatterplot between GPS PWV and SSTa for Niño 3.4 region during El Niño event for the
year of 2009/2010 for a the increasing in intensity and b the decreasing in intensity
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can be seen from Figs. 6 and 7 is that during increasing of El Niño intensity for El
Niño 3.4 and El Niño 4 regions, the correlation trend is consistent for PIMO,
KUAL and BAKO (decreasing trend) and NTUS (increasing trend). However,
during decreasing of El Niño intensity at both Niño regions, only NTUS and BAKO
was consistent in decreasing trend and PIMO and KUAL are opposite to each other.
However, PIMO station experiences the highest El Niño effect than the other sta-
tions. This implies that the El Niño character in each year is apparently different
which possibly due to the trade winds that across the region moved the water vapor
over the ocean and occur too short or even occur too late (see Sect. 3.3 for detail
comparison with precipitation). This depends on the latent heat of the sea surface
temperature that will affect the distribution of water vapor in the atmosphere.

3.3 Analysis of Rainfall During El Niño Event

To strengthen the possible physical process of different response between PWV and
SSTa variation, precipitation quantity from Tropical Rainfall Measuring Mission
(TRMM) during a case of El Niño event is compared. Figure 8 shows the distri-
bution of rainfall measured by TRMM-3B42.007 over the Southeast Asia region
during El Niño from June 2009 to Aril 2010. From the figure, the most significant
change in monthly average of rainfall was occurred in PIMO station (Philippines)

Fig. 7 Scatterplot between GPS PWV and SSTa from Niño 4 region during El Niño event for the
year of 2009/2010 for a the increase in intensity and b the decrease in intensity
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than the other stations. This is consistent with the PWV changes from GPS mea-
surements. The beginning of El Niño event was from the month of June 2009 until
September 2009, where the average of rainfall was higher, and the lower was
occurred at KUAL, NTUS and BAKO stations. BAKO station is an area that has
very low rainfall during the increasing of the intensity of El Niño from June to
October of 2009. Along with the increasing intensity of the El Nino, high rainfall
shifted towards the south. This causes an increase in rainfall for the station in
KUAL, NTUS and BAKO. In addition to this condition, the drought occurred in the
Philippines [19, 20] lead PIMO showed an opposite trend and gives a significant
effect to the decreasing in agricultural production [21].

We here obviously obtained that the average of rainfall distribution is statisti-
cally comparable with PWV pattern as shown in Fig. 4. During increasing the
intensity of El Niño, the monthly average of rainfall at PIMO station is increased

Fig. 8 Distribution of rainfall measured by TRMM-3B42.007 over the Southeast Asia region
during El Niño event from June 2009 to April 2010
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and the PWV pattern is decreased. This clearly understood that when the rainy
occurred, the water vapor content in the atmosphere is fall become a water. The low
or no correlation obtained between GPS PWV and SSTa in Table 4 can be seen
through the contours of Fig. 8. Instead, the different thing was occurred at BAKO
station where the rainfall is increased during the decreased intensity of El Niño,
which is a similar trend with PWV pattern. The low of precipitation and small effect
on El Niño was difficultly to differentiate the relationship trend.

4 Conclusion

This study uses a correlation analysis to determine the relationship between GPS
PWV and SSTa variability during the case of El Niño event. The data from PIMO,
KUAL, NTUS and BAKO stations during the year of 2009/2010 were selected to
calculate PWV. The relationship between GPS PWV and SSTa was found negative
correlation, although the different trend was observed at each station. The negative
correlation during the El Niño event can be interpreted that the PWV trend is
decreased. Decreasing of PWV is correlated with a dry season, where water vapor is
minimal in the atmosphere. On the other hand, rainfall is minimal at the location of
a strong El Niño. For the case of 2009/2010 during increasing of El Niño intensity,
the station located along the coast such as PIMO showed more affected than the
other stations. In contrast, increased of PWV along the ocean-atmosphere interac-
tions caused the delay of GPS signals is higher, which possibly existing the
atmospheric phenomena above the ocean.

From the correlation obtained between PWV and SSTa, the ground-based GPS
receiver is capable proposed as an alternative technique to be used to detect ENSO
activity, especially El Niño event, and this is a new prospective method that has not
been utilized before. It should be noted here that the El Niño can affect the GPS
signals through indirect effects of PWV measurements. To clarify the clear response
of GPS PWV on the SSTa variation, a strong ENSO event will be considered for
future work to distinguish the unwanted noise in the analysis. More GPS PWV data
during El Niño event are also needed to better understand the ENSO mechanism,
both during the occurrences of El Niño and El Niña phases.

Table 4 The correlation coefficient between GPS PWV and SSTa during El Niño event for the
case of 2009/2010

Station The increase in intensity The decrease in intensity

Niño 3.4 Niño 4 Niño 3.4 Niño 4

PIMO −0.90 −0.66 −0.34 –

KUAL −0.56 −0.56 – –

NTUS – 0.48 −0.38 −0.39

BAKO – −0.36 – −0.40

Sign ‘–’ indicates no correlation
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Oligostilbenoids from Vatica Species
and Bioactivities

A.S. Kamarozaman, N.F. Rajab and J. Latip

Abstract Reactive species (RS) which are generated from the pollution, deep fried
and spicy foods, leakage of electrons from mitochondrial electron transport chains
etc. may result in an oxidative damage in the body. The oxidative damage may lead
to various diseases such as Alzheimer, atherosclerosis and cancer. In order to
prevent such diseases, antioxidants play important roles in reducing the powerful
oxidizing agents. Vatica species that belongs to the family of Dipterocarpaceae has
been widely known to contain abundant source of oligostilbenoids which demon-
strated interesting result in biological activities such as anticancer and antioxidant.
This may lead to a development of drugs as well as natural antioxidants. In this
chapter, we are highlighting the oligostilbenoids isolated from Vatica species from
various researcher as well as the biological activities.

1 Introduction

Dipterocarpaceae is a large family comprising of 16 genera and 600 species [1]
which are widely distributed in Africa, China, India, Indonesia, Malaysia, Myanmar,
New Guinea, Philippines, Sri Lanka and Thailand [2–5]. This family is divided
into three subfamilies namely Dipterocarpoideae, Monotoideae and Pakaraimoideae
[6]. The first subfamily, Dipterocarpoideae is limited to tropical Asia while the
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second subfamily is indigenous to Africa and the third is confined to tropical
America [2]. Dipterocarpoideae which is the largest subfamily in Dipterocarpaceae
is divided into four tribes namely Dipterocarpeae, Dryobalanopseae, Shoreae and
Vaticeae [2, 6, 7]. The genera that belong to this largest subfamily are Anisoptera,
Cotylelobium, Dipterocarpus, Dryobalanops, Hopea, Neobalanocarpus, Parasho-
rea, Shorea,Upuna, Vateria and Vatica [1, 2, 4, 6, 8–10]. The largest genus found in
this family is Shorea with 150 species followed by Dipterocarpus with 75
species [1].

The genus Vatica that belongs to the subfamily of Dipterocarpoideae is mainly
found in Southeast Asia especially in Borneo and Malay Peninsula with 35 and 29
species were found respectively [4, 10, 11]. The species that have been recorded are
V. bancana, V. bella, V. cinerea, V. cuspidata, V. flavida, V. havilandii,
V. heteroptera, V. lobata, V. lowii, V. maingayi, V. nitens, V. odorata, V. pallida,
V. patula, V. pauciflora, V. perakensis, V. ridleyana, V. scortechinii, V. stapfiana
and V. stipulata [4]. vaticas are usually small trees and sometimes shrubs. The trees
can reach up to 160 ft in height and 38 in. in diameter. The species from this genus
can be found in the lowland usually below 1,000 ft, hill-forest between 2,000 and
3,000 ft and peat swamp forests [4, 12].

Vaticas are small to medium-sized and rarely large trees [6, 11, 12]. Usually they
have straight trunks without large buttresses. The crown is irregular, oblong,
sympodial and non-emergent. The barks are usually in grey mottled and occa-
sionally scroll-marked. The leaves are coriaceous, flowers are bisexual and fruits
calyx are variables [6, 13]. The sap-wood is very pale and yellowish while the
heart-wood is darkening to a dark-brown or reddish-brown after prolonged expo-
sure to the air [12]. Certain species in this genus showed a considerable amount of
sticky oil resembling ‘minyak keruing’. This species produced small amounts of
greenish resin but it is not worked commercially [12].

There are two kinds of wood found in within the genus namely resak and resak
laru [7, 12]. Resak is produced by certain species of Vatica and Cotylelobium. The
wood is very hard, heavy and durable which is suitable for construction and in
exposed situations. The species included in this kind of wood are V. cinerea, King,
V. curtisii, King and V. reticulata, King. The other kind of wood is known as resak
laru or resak paya. It is a common name applied to any species of Vatica which is
used as laru, an ingredient added into toddy to retard the fermentation [4]. There is a
large amount of sap-wood and the heart-wood which is much softer and lighter
compared to resak. This kind of wood is rarely used as the wood obtained in a
small-sizes and not durable. The species with this kind of wood are V. bancana,
Scheff, V. bella, van Slooten, V. stapfiana, van Slooten and V. wallichii, Dyer [12].

Free radicals or also known as reactive species (RS) are constantly produced in
cells through normal metabolic processes [14]. Free radicals are generated due to
pollution, radiation, toxins as well as deep fried and spicy foods [15, 16]. Some are
also produced by ‘accidents of chemistry’ such as the leakage of electrons from
mitochondrial electron transport chains and direct reaction of autoxidisable mole-
cules with molecular oxygen to produce superoxide free radical (O2

•−) [17]. Some of
the examples of useful purposes from the generated RS are inter- and intra-cellular
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of signaling [18] as well as defense against foreign organisms [19]. However, many
RS are powerful oxidizing agents which capable in damaging DNA and other
biomolecules [20].

Antioxidants are protection agents in reducing oxidative damage of human body
from RS including reactive oxygen species (ROS) and retard the progress of many
chronic diseases [21]. Thus, the free radicals can be removed from the body through
antioxidant defense mechanism [22]. Oxidants or oxidative stress occurs when the
balance of RS within the cells exceeds the level of antioxidants present. This
situation may lead to the injury or killing of cells [23, 24], atherosclerosis, cancer,
stroke, asthma, arthritis and other age related diseases [25, 26].

Hence, to overcome these diseases, many researchers have done studies in
producing synthetic antioxidants such as butylated hydroxy anisole (BHA),
butylated hydroxy toluene (BHT) and gallic acid esters. However, the synthesized
antioxidants have contributed to the liver damage and carcinogenesis [27]. There-
fore, studies in searching natural antioxidants have greatly increased to find the
antioxidants which are safe to be used [22].

The chemical constituents found in Vatica such as oligostilbenoids have drawn
much attention to be studied as they possessed various biological activities like
antioxidant [28], anticancer [29] as well as chemopreventive [30] agents. In this
chapter, we will focus on the oligostilbenoids isolated from the Vatica species and
their biological activities.

2 Oligostilbenoids from Vatica

The family of Dipterocarpaceae is known to contain abundant source of
oligostilbenoids [31] which formed through a condensation of resveratrol unit
(3,5,4′-trihydroxystilbene) (1) [32]. Resveratrol unit is divided into two groups
namely group A and B. Group A contains at least one five-membered oxygen
heterocyclic ring, usually trans-2-aryl-2,3-dihydrobenzofuran (2) while Group B
does not contain oxygen heterocyclic ring which the stilbene skeleton remain or has
been modified [33, 34]. The examples of the oligostilbenoids in Group A are
ε-viniferin (3), α-viniferin (4) and miyabenol A (5) while Group B are pallidol (6)
and copallipherol B (7).

2.1 Stilbene Monomer

Resveratrol (3,5,4′-trihydroxystilbene) (1) which has been isolated from the stem of
V. rassak is the first report of the occurring stilbene monomer in this family [35].
This stilbene monomer is rarely found in the family of Dipterocarpaceae
instead, the constituent occur abundantly in glycoside form either C-glucoside or
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O-glucoside. (E)-resveratrol 3-O-β-D-glucopyranoside or also known as piceid (8)
was isolated from V. diospyroides [36], V. rassak [35], V. pauciflora [31],
V. albiramis [37] and V. odorata [38].

2.2 Stilbene Dimmer

Stilbene dimmer in group A is classified into two subgroups, stilbene dimmer with
stilbene skeleton and stilbene dimmer without stilbene skeleton. Stilbene dimmer
that contain stilbene skeleton is ε-viniferin (3), which is a precursor to other
oligostilbenoids [39] and was isolated from V. affinis [40], V. rassak [35],
V. pauciflora [30, 31], V. umbonata [39], V. albiramis [37] and V. odorata [38]. The
isomer, (Z)-ε-viniferin (9) was isolated from V. albiramis [37]. Other constituents in
this subgroup are paucifloroside A (10) and vatalbinoside C (11), stilbene dimmers
with glycoside isolated from V. pauciflora [31] and V. albiramis [37] respectively.

Laevifonol (12) that was isolated from V. umbonata [39] and V. odorata [38] is a
stilbene dimmer without stilbene skeleton. It was formed by the condensation of
ε-viniferin (3) and ascorbic acid [41]. Other oligostilbenoids fall into this subgroup
is hemsleyanol A (13) and pauciflorol E (14) from V. pauciflora [31, 42]; albira-
minol B (15), ampelopsin A (16), balanocarpol (17) and malibatol A (18) from
V. albiramis. Stilbene dimmer glycosides in this subgroup are vatalbinosides D–F
(19–21) from V. albiramis [37, 43].

Stilbene dimmer in group B is (+)-ampelopsin D (22) that was isolated from
V. pauciflora. Biosynthesis of this compound might be from (+)-ε-viniferin as the
stilbene skeleton is remained in the structure. Other constituents in this group are
ampelopsin F (23) from V. pauciflora [31] and V. umbonata [39], isoampelopsin F
(24) from V. pauciflora [31] as well as albiraminols C (25) and D (26) from
V. albiramis. Vatalbinosides G–J (27–30) isolated from V. albiramis are stilbene
dimmers glycoside in group B [44].

2.3 Stilbene Trimer

Biogenetically, stilbene trimer is formed through an oxidative coupling reaction
between resveratrol (1) (stilbene monomer) and ε-viniferin (3) (stilbene dimmer).
Stilbene trimers in group A are davidiol B (31) and pauciflorols A (32) and B (33)
from V. pauciflora; stenophyllol B (34) from V. pauciflora [31] and V. umbonata
[39]; vaticanols A (35) and E (36) from V. rassak [35, 45] and V. pauciflora [31]. In
addition, pauciflorosides B (37) and C (38) isolated from V. pauciflora [31] as well
as vaticaside A (39) from V. rassak [45] are stilbene trimers with glucosyl moiety.

Stilbene trimer without dihydrofuran ring is rarely found in this genus [46]. The
constituents from this group are vaticanol G (40) isolated from V. rassak [47],
V. pauciflora [30, 31] and V. umbonata [39] as well as its glycoside known as
vaticaside D (41) isolated from V. rassak [47] and V. pauciflora [31].
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2.4 Stilbene Tetramer

Stilbene tetramer is formed through condensation of two stilbene dimmers and
classified into two groups. The first group is symmetrical stilbene and the second
group is unsymmetrical stilbene. The constituents that fall in the first group are
hopeaphenol (42) from V. umbonata [39], V. albiramis [37] and V. odorata [38];
hopeaphenol A (43) and isohopeaphenol A (44) from V. oblongifolia [48];
pauciflorol C (45) and vateriaphenol B (46) from V. pauciflora [31]; stenophyllol C
(47) and vatalbinoside A (48) from V. albiramis [37] as well as vaticaffinol (49)
from V. affinis [40].

The second group of stilbene tetramer is divided into two subgroups based on the
ring in their structures. The first subgroup contains two units of unsymmetrical
stilbene dimmers whereby the D unit is connected to the C2 ring through dihydro-
furan ring [35]. The constituents in this subgroup are hemsleyanols C (50) and D (51)
and isovaticanol B (52) from V. pauciflora [31]; vaticaphenol A (53) from
V. diospyroides [36] and V. oblongifolia [48]; vaticanol B (54) from V. rassak [35],
V. pauciflora [31], V. umbonata [39], V. albiramis [37] and V. odorata [38] as well as
vaticanol F (55) from V. rassak. Furthermore, vaticasides B (56) and C (57) isolated
from V. rassak [45] and V. albiramis and vatalbinoside B (58) from V. albiramis [37]
are the stilbene tetramers in this subgroup with glucosyl moiety [45].

The second subgroup is stilbene tetramer with the two units of stilbene dimmer
(ε-viniferin) (3) combined to form dibenzobicyclo[3.2.1]octadiene system. Stilbene
tetramers that belong to this subgroup are isovaticanol C (59) from V. pauciflora
[31]; vatdiospyroidol (60) from V. diospyroides [36] and vaticanol C (61) from
V. rassak [35], V. pauciflora [31] and V. albiramis [37].

2.5 Stilbene Hexamer

There are four stilbene hexamers isolated from Vatica species namely vaticanols D
(62), H (63) and I (64) from V. rassak [35, 47, 49] as well as albiraminol A (65)
from V. albiramis [43]. The structures of these constituents are composed from two
different units of stilbene trimers.

2.6 Stilbene Heptamer

Stilbene heptamer is formed through oxidative coupling between stilbene tetramer
and stilbene trimer. Vaticanol J (66) which was isolated from V. rassak is formed
between vaticanol B (54) and a unit of stilbene trimer [47]. Pauciflorol D (67)
isolated from V. pauciflora is formed through oxidative coupling between
vaticaphenol A (53) (stilbene tetramer) and davidiol B (31) (stilbene trimer) [31].
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2.7 Stilbene Octamer

Only one stilbene octamer has been isolated from the genus Vatica. Vateriaphenol
A (68) was isolated from the stem of V. albiramis [37].

3 Biological Activities

Since 30 years ago, oligostilbenoids have shown a wide range of biological activity
such as antibacterial [50–53], anti-HIV [54], anti-inflammatory [55, 56], chemo-
preventive [30] as well as cytotoxicity [57].

3.1 Chemopreventive

Resveratrol (1) modulates diverse biochemical processes such as inhibition of
carcinogen activation, cellular proliferation and tumor promotion, blockade of
tumor cell cycle progression, stimulation of carcinogen deactivation and induction
of programmed cell death [58]. Studies done on the chemopreventive activity by
resveratrol (1) revealed that the stilbene monomer significantly reduced the number
of tumors per mouse in a two stage skin carcinogenesis model [59], inhibited
N-methyl-N-nitrosourea-induced mammary tumorigenesis in female Sprague-
Dawley rats [60] as well as inhibited N-nitrosomethylbenzylamine (NMBA)-
induced esophageal tumorigenesis in F344 rats [61]. Furthermore, resveratrol (1)
has the potential to inhibit the activation of NF-кB and/or AP-1 in a cell or tissue-
specific manner which may turn-off the genes regulating cell survival and stimu-
lating proliferation as well as turn-on the genes initiating cancer cell death [58].

A stilbene dimmer, ε-viniferin (3) exhibited a potential chemopreventive agent
by protecting the Chang liver cells from oxidative damage induced by hydrogen
peroxide, H2O2. Chang liver cells were treated with ε-viniferin (3) and vaticanol G
(40) for 24 h and were exposed to H2O2 to induce the oxidative damage for 30 min.
The percentage of cell viability before the treatment with ε-viniferin is 78.3 % while
the viability after the treatment at 50 and 100 μM is 106.9 and 111.0 % respectively.
Meanwhile, the percentage of cells before treatment with vaticanol G (40) is 76.6 %
while after treatment at 50 and 100 μM is 85.4 and 84.4 % respectively. The
proliferation of Chang liver cells had shown a significant increase after the treat-
ment with ε-viniferin (3) while the treatment with vaticanol G (40) did not show
any significant increase. This significant increase in Chang cells showed that
ε-viniferin (3) has the ability to protect the cells from oxidative damage. High
antioxidant capacity in ε-viniferin (3) is one of the factors that contribute to the
significant protection of oxidative damage in Chang cells [30].
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3.2 Antioxidant Activity

In vivo, resveratrol (1) exhibited an increase in plasma antioxidant capacity and a
decrease in lipid peroxidation [62, 63] which is associated with coronary heart
disease [64].

The antioxidant activity of ε-viniferin (3) by DPPH showed the IC50 value
52.6 ± 1.1 μM [65]. Furthermore, ε-viniferin (3) displayed strong inhibitory against
lipid peroxidation by Cu2+-induced and peroxyl radical AAPH-induced in HDL
with the IC50 values 2.4 and 5.7 μM respectively. It indicated that the stilbene
dimmer has the potential in preventing lipoprotein peroxidation [66].

Studies on antidiabetogenic constituents found that vaticanols A (35) and G (40)
demonstrated significant inhibition while vaticanol E (36) tended to inhibit the
plasma glucose elevation which showed those compounds having antihyperglyce-
mic effects. Furthermore, vaticanols A (35), E (36) and G (40) also inhibited plasma
TG level after olive oil loading in mice, enzyme activity of porcine pancreatic lipase
as well as demonstrated DPPH radical- and O2

− radical scavenging activities. In
addition, vaticanols A (35) and E (36) inihibited the enzyme activities of rat
intestinal maltase and sucrose and of rat lens aldose reductase [67].

Meanwhile, hemsleyanol D (51) significantly inhibited plasma glucose level at
doses of 100–200 mg/kg and moderately inhibited the rat lens aldose reductase.
Balanocarpol (17) significantly displayed inhibitory effects on plasma glucose level
at doses 100–200 mg/kg p.o. and suppressed the gastric empyting [68]. The
unsymmetrical stilbene hexamer, vaticanol D (62) possessed a scavenging activity
of super oxide at IC50 7.4 μM [35].

3.3 Anticancer

Studies on the cytotoxicity of oligostilbenoids against the human promyelocytic
leukemia HL-60 showed that resveratrol (1), ε-viniferin (3), vaticanol E (36),
stenophyllol B (34), hopeaphenol (42), hemsleyanol D (51), vaticaside B (56),
vaticanols B–D (54, 61, 62) and H–J (63, 64, 66) as well as vateriaphenol A (68)
displayed the IC50 values 12.1 ± 0.17 [49], 44.2 ± 3.8, 34.2 ± 1.9, 25.0, 21.3 ± 1.9,
12.3 ± 1.6, 5.1 ± 0.3, 4.8 ± 0.3, 3.0 ± 0.2, 9.8 ± 1.1, 13.8 ± 0.8, 7.8 ± 0.5, 11.2 ± 0.7
and 9.7 ± 0.6 μM respectively [29].

Furthermore, resveratrol (1), hopeaphenol (42), hemleyanol D (51), vaticanols C
(61), D (62), H–J (63, 64, 66) and vateriaphenol A (68) demonstrated the IC50

values 22.1 ± 1.8, 28.6 ± 3.4, 32.5 ± 2.1, 3.2 ± 0.2, 8.9 ± 0.9, 15.1 ± 1.3, 10.9 ± 0.8,
21.5 ± 1.6 and 9.8 ± 0.9 μM against colon cancer SW480 cells respectively. The
growth suppression in the colon cancer by vaticanol C (61) is due to the apoptosis
that was executed by the activation of caspase-3 [29].

In addition, ε-viniferin (3), hopeaphenol (42) and vaticanol B (54) exhibited the
cytotoxicity against P-388 with the IC50 values 18.1 ± 0.7 [69], 3.2 [38] and
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46.4 ± 1.5 μM [69] respectively. A novel stilbene tetramer, vatdiospyroidol (60)
demonstrated the most potent cytotoxicity against KB (oral epidermoid carcinoma),
with the EC50 value 1.0 μg/mL [36] while hopeaphenol (42), vaticanols D (62), H–J
(63, 64, 66) and vateriaphenol A (68) displayed potent cytotoxicity against KB cells
with ED50 values at 1.2 μg/mL [70], 11.8, 15.4, 11.0, 10.7 and 10.5 μM [44]
respectively.

Vaticanol C (61) which is the unsymmetrical stilbene tetramer with
dibenzobicyclo[3.2.1]octadiena system possessed very good biological activity
especially in anticancer. This compound was found to induce considerable
cytotoxicity in human cancer cell lines such as LNCaP (prostate), SH-SY5Y
(neuroblastoma) and leukemia (U937). Vaticanols H (63) and I (64) showed 50 %
inhibitory effect on the growth of prostate (LNCaP) and neuroblastoma (SH-SY5Y)
cells when treated at the concentration of 10 μM while vaticanols D (62), J (66) and
vateriaphenol A (68) displayed 50 % inhibitory effect on the growth of neuro-
blastoma cell (SH-SY5Y) only [29].

Furthermore, malibatol A (18) exhibited the cytotoxicity against host cells
(CEM-SS) with the IC50 value 13 μg/mL [54]. Stenophyllol B (34) showed the
cytotoxicity against HeLa cell at IC50 value 28.2 μM [71] while hopeaphenol (42)
showed the cytotoxicity against human colon cancer (HCT-116; Caco-2) cell with
IC50 2–5 μM [72]. Vatdiospyroidol (60) demonstrated the most potent cytotoxicity
against Col2 (colon cancer) as well as BC1 (breast cancer) with the EC50 values 1.9
and 3.8 μg/mL respectively [36].

In addition, vaticanol C (61) and hopeaphenol (42) displayed significant
inhibitory effect on MMP-1 production from human dermal fibroblasts when tested
at the concentration of 1 μM while stenophyllol C (47) and vaticanol B (54),
vatalbinosides A (48) and B (58) showed blocking of IL-1β-induced MMP-1
production when tested at 1 μM [37]. Meanwhile, hemsleyanol C (50) exhibited the
most potent inhibitor when tested against Topoisomerase II [73].

3.4 Other Activities

Resveratrol (1) prevents platelet aggregation in vitro and in vivo [74, 75] and found
to be potent in protecting against brain damage following cerebral ischemia [76].
The glucosylated-resveratrol, piceid (8) has shown a significant inhibitory effect on
platelet aggregation induced by collagen (IC50 value of 69 μM), adrenalin (IC50

value of 102 μM), arachidonic acid (IC50 of 149 μM) and ADP (IC50 of 218 μM)
when tested on human platelet-rich plasma [77].

ε-viniferin (3) which is a precursor for the oligostilbenoids [39] demonstrated a
moderate inhibitory effect on murine tyrosinase activity with 24.6 ± 2.1 % inhi-
bitions at 100 μM [78] as well as concentration-dependently inhibited the enzy-
matic activity of commercial (human recombinant) monoamine oxidase (MAO)
isoform (MAO-A and MAO-B) activity which suggested that this stilbene dimmer
might be used as a structural template in designing and developing new
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antidepressant drugs [79]. Not only that, this compound showed the strongest
antimutagenic effect against MNNG (N-methyl-N′-nitro-N-nitrosoguanidine) with
the IC50 value 27 μg/plate [80]. Meanwhile, the isomer of ε-viniferin (3), (Z)-ε-
viniferin (9) displayed TNF-α inhibitory activity with the ratio 51.43 % [81] as well
as antimutagenic effect [80]. Ampelopsin A (16) which is found to induce down-
regulation of sphingosine kinase 1 expression and reduce DNA synthesis is a novel
inhibitor of sphingosine kinase 1 activity [82]. Balanocarpol (17) demonstrated the
inhibitory effects on plasma triglyceride level at a dose of 200 mg/kg p.o. The
significant increase in the serum TG level indicated that this constituent has the
potential to be used in preventing obesity [83]. This stilbene dimmer is a novel
inhibitor against sphingosine kinase 1 activity which induced down-regulation of
sphingosine kinase 1 expression, reduced DNA synthesis and stimulated PARP
cleavage in breast MCF-7 cells [82]. Balanocarpol (17) showed very modest HIV-
inhibitory activity with the ED50 value 20 μg/mL [54] while (Z)-ε-viniferin (9)
demonstrated antifungal activity [84].

Vaticanol E (36), pauciflorol B (33), hopeaphenol A (43), pauciflorol C (45),
vaticaffinol (49) and hemsleyanol D (51) demonstrated antiviral activity against
HSV-1 with IC50 values 12.1 ± 0.5, 16.7 ± 0.5, 17.3 ± 0.5, 24.1 ± 0.6, 17.9 ± 0.3
and 9.1 ± 0.5 μM as well as HSV-2 with IC50 values 4.5 ± 0.1, 3.2 ± 0.5, 3.7 ± 0.2,
3.3 ± 0.1, 3.2 ± 0.3 and 3.8 ± 0.2 μM respectively [85]. Vaticanols A (35), B (54), E
(36) and G (40) possessed antifeedant activity against subterranean termite,
Reticulitermes speratus [86]. In addition, vaticanols A (35) and G (40) exhibited
complete inhibition on the growth of Babesia gibsoni in vitro at the concentration
of 25 μg/mL while vaticanol B (54) at 50 μg/mL [87]. Hemsleyanol D (51) was
found to be the most effective to inhibit the growth of MRSA with an MIC value at
2 μg/mL [88]. Furthermore, hopeaphenol A (43) and vaticaphenol A (53) dem-
onstrated moderately active against MRSA with MIC values 100 and 50 μg/mL as
well as M. smegmatis with MIC values 50 and 25 μg/mL respectively [48].

Vaticaffinol (49) exerts intensive immunosuppressive activity in vitro and
in vivo. Based on this result, the stilbene tetramer may be a novel candidate
compound used for T-cell-mediated autoimmune diseases [89].

4 Conclusions

Species from the genus of Vatica were found to contain oligostilbenoids with
various degree of polymerization, up to stilbene octamer. The oligostilbenoids
showed significant biological activities especially in anticancer, antioxidant as well
as chemopreventive activities. Perhaps these species can be used as a potential
source of natural antioxidant in the future.
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Investigation on Thermoacoustic Cooling
Device with Variation in Stack Plate Size
and Input Acoustic Energy

Nandy Putra and Dinni Agustina

Abstract A loudspeaker-driven thermoacoustic cooler device has been designed,
constructed and tested to gain better understanding of its cooling performance. The
influence of stack plate size to its performance was investigated. The plate was
made of acrylic sheet in three different length variations, which were 6, 5 and 4.
Each variation of experiment was conducted by varying plate thickness of the stack,
0.15, 0.5 and 1 mm, respectively. The experiments were conducted with various
driver voltage input starting from setting 4–9 (Voltage peak-to-peak). The tem-
peratures at the area of both ends of the parallel plate stack, which are cold side and
hot side, were recorded. The results showed that thermoacoustic cooling effect
occurred immediately and escalated rapidly in 2 min and showed a stable cooling
temperature after 10 min. The experimental results confirmed that better thermal
performance of the device and faster cooling rate yielded from higher voltage input.
For each set of experiment, the input voltage setting, the operating frequency and
other parameter of the stack were maintained the same. The thermal performance
and cooling rate increased with the decrease of plate thickness. The largest tem-
perature difference, 14.7 °C, was achieved with 0.15 mm plate thickness with 6 cm
length at voltage setting 9. The experimental results showed that the effects of using
different plate length were not the same for each thickness of stack plate. However,
Stack plate size of 0.5 mm thickness and 6 cm length at the input voltage setting of
9, was arguably the optimum size in terms of consistent performance in cooling.
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1 Introduction

Refrigeration has been playing important role in almost every aspect of life to the
level that living without it is impossible. It is even rated by the National Academy
of Engineering as the 10th position in “Greatest engineering achievement in the
20th century” [1]. Despite the advantages, refrigeration’s high demand of energy
and the use of harmful refrigerants have been some of major concerns in the
obligatory need of greener technologies in the future. Therefore, the focus of efforts
is not only the engineering aspects of aimed at improving engine efficiency but also
reducing the use of fossil fuels and chlorofluorocarbons/hydrochlorofluorocarbons
(HFCs/HCFCs) as refrigerant. The hazard rate of HFC/HCFC to the atmospheric
layer is about 2,000–3,000 times greater than carbon dioxide [2].

To answer the challenges of the environmental impact of the use of conventional
refrigerants, one alternative developed is thermoacoustic technology devices which
convert heat energy to sound energy and vice versa. The former is known as
thermoacoustic engines or prime movers and the latter is called thermoacoustic heat
pumps or refrigerators. This alternative is an environmentally friendly because it
uses harmless working gas. In addition, this machine can operate with relatively
low maintenance costs are because of the lack of moving parts and can take
advantage of high amplitude sound waves and gas waste heat as the driving force
[3]. The two main reasons above make thermoacoustic cooling technology more
compelling to investigate.

Since 1980s, various designs of thermoacoustic heat engines have been built and
tested in order to increase their performance and reliability [4] and large ther-
moacoustic heat engines was introduced in 1992 [5]. The same endeavour on
development of heat pumps (refrigerators) has also made a launch since 1986 [6]. In
1993, the first spacecraft thermoacoustic cryocooler was developed and used in the
space shuttle [7] and a breaking through temperature of −65 °C at cold side of a
loudspeaker-driven thermoacoustic refrigerator was achieved in 2002 [8] by
applying Rott’s theories [9] and the modification of the theory by Hoffler and Swift
[3, 10]. Noted that, these devices above are attractive for safer operation using air or
inert gas and simplified manufacturing with much less moving parts in the system
[11].

Since then, a great number of attention in the existing literature that worked in an
attempt to build and increase the performance of the refrigerator. Three main
aspects to concern in designing a thermoacoustic refrigerator are included but not
limited to the operating condition, working fluid and the geometry of the refrig-
erator parts [12]. Higher performance and efficiency were aimed by experimentally
lowering the Prandtl number of the working fluid [13]. Numerical efforts were also
developed by increasing the ratio of acoustic pressure to mean pressure (drive ratio)
[14] and simulating the effects of blockage ratio, the ratio of plate thickness and
plate spacing [15]. Building an empirical equation for resonance frequency of the
device which often shifts from its theoretical number was also attempted [16].
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The heart of a thermoacoustic refrigerator acted as a compressor in a conven-
tional refrigerator is called a stack. The dimension of the stack plays an important
role due to heat transfer occurs around it have great impact on the thermal per-
formance of the device. Amplitude of sound wave input (in terms of acoustic
energy) and drive ratio will determine the cooling capacity and the efficiency that
can be achieved. Therefore, these three will be one of the first things to approach in
constructing a thermoacoustic refrigerator.

So far, the application of thermoacoustic principles can be used for heat engine
(or power plant), heat pumps (or refrigerator) or a combination of both. Some
examples of applications that have been and are being developed are as follows:

a. Liquefaction of natural gas. Acoustic energy to be used to pump heat to liquefy
natural gas [17].

b. Chip cooling. Piezo-electric element produces sound waves. A heat pump cools
the chip termoakustik work [18].

c. Electronics cooling on the ship. Loudspeakers produce sound waves and heat
pump cools termoakustik electronic devices [7].

d. Electricity from concentrated solar energy generating acoustic waves in a heated
termoakustik devices. A linear motor generates electricity from these products
[19].

e. Cogeneration. Thermoacoustic heat engines generate acoustic energy from
waste heat and linear motors convert acoustical energy into electricity.

2 Keypoints in Constructing the Thermoacoustic
Refrigerator

The schematic presentation of λ/4 wavelength thermoacoustic refrigerator is shown
in Fig. 1. It operates by using high amplitude sound waves and inert gases to
produce cooling. The frequency of the driver, such as loudspeaker, and the

Fig. 1 The schematic of λ/4 wavelength thermoacoustic refrigerator
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geometry of the resonator are calculated so as to get a standing sound wave in the
resonator. A porous component called a stack is placed in the tube in such a way
that a temperature difference due to thermoacoustic effect is created along the stack.
One end of the stack starts to heat up while other end starts to cool down. By
controlling temperature of hot side of stack (by means of a heat exchanger), the cold
end of stack can provide lower temperature. There are five main components in a
thermoacoustic refrigerator which are a resonator, a stack, a driver, working fluid
and heat exchangers.

When there is no heat exchanger attached to the device, the fundamental study
will be simplified. Such device is called thermoacoustic couples [4]. The theoretical
variations of stack and gas temperatures is shown qualitatively in Fig. 2. ΔT is the
difference in temperature of cold end and hot end of the stack. Acoustic power, W, is
given by the speaker (driver) in the form of high amplitude sound waves. The length
of the stack is assumed to be much less than the wavelength of the acoustic wave.

Main parts of the thermoacoustic couple including a sound generating device,
resonance tubes, and stack. Besides greatly depending on the number of gas par-
ticles involved in the process, the system performance is also influenced by four
main operational parameters (the drive ratio to excite thermoacoustic, operating
frequency/resonance), the working fluid (Prandtl number), the geometry (blockage
ratio, the diameter of the resonator, length of stack, stack position) and the material
of stack and resonator [12].

2.1 Relation of the Resonance Frequency and Resonator

The design of the resonator tube having a major role to improve the efficiency of the
thermoacoustic cooling device. Initial parameters are calculated based on the length
of the resonator wavelength, λ. The length of resonator can be calculated by λ/2 or
λ/4. The easiest way to decrease the acoustic power losses is to decrease the surface
area of resonator wall; therefore the λ/4 wavelength resonator was chosen [3].
Theoretically, the resonator length, L = λ/4, giving ease of handling and dissipate
only half the energy compared to the tube λ/2. Figure 3 shows some geometry of a
resonator and resonator sections.

Fig. 2 The theoretical variations of stack and gas temperatures, and the temperatures at different
locations inside and outside the stack, modified [20]
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A smooth, linear cylindrical resonator without steps, misalignments and abrupt
transition should be used to avoid unwanted eddying or non-linear pressure vari-
ations that would greatly complicated the analysis [17]. The length and diameter of
resonator are 40 and 5.3 cm, respectively. The resonance frequency of sound wave
is mainly determined by the length and the diameter of resonator [22].

fn ¼ nv

4 Lþ 14D
23p

� � : ð1Þ

However, these theories must meet the result of the frequency test of the ther-
moacoustic device which was performed by inserting a condenser microphone into
the resonator and connected it to the oscilloscope to get a relation between the
frequency and its connecting voltage. The one with the highest voltage result was
the resonance frequency which is best operating frequency for the device.

The material of resonator should be low in thermal conductivity and must endure
vibration and pressure to the certain level. Acrylic tube was chosen because of these
characteristics and its transparency help in order to arrange the stack and thermo-
couples and visualize them as well inside the resonator.

2.2 Driver

Thermoacoustic system is a thermodynamic cycle that is theoretically reversible. So
that the driver of the heat pump can be either mechanical gas displacement system
(such as speakers) or a heat engine. Loudspeakers are relatively easy to apply while
the heat engine has a higher efficiency and has no moving parts [15].

2.3 Stack

The dimension of the stack should be around 10 % of the resonator volume and the
spacing between the plates is determined by the thermal penetration depth of the
stack which is 2–4 times the value of it [8]. In this experiment, acrylic sheet was cut
into three different length which are 4, 5 and 6 cm with the wide adjusted to the
inside diameter of the resonator. When the distance between the gas and the wall of

Fig. 3 Geometry of various resonators [21] a cylindrical or rectangular tube; b tapered tube;
c capillary or tubule (regenerator); d Helmholtz resonator; e side tube; f reducer pipe

Investigation on Thermoacoustic Cooling Device with Variation … 209



the stack is much larger than the thermal penetration depth, there will be an adi-
abatic heat transfer between the gas and the stack wall. Proposed optimum width is
2–4δk [4]. 4δk spacing was due to ease of fabrication [3], the distance 3δk obtained
from experimental results [8] while the distance 2.2δk based on theoretical calcu-
lations and numerical [23]. The space between two plates (2yo) is 0.55 mm (3δk).

dk ¼
ffiffiffiffiffiffiffiffiffiffiffi
k

pqfcp

s
: ð2Þ

Low thermal conductivity and relatively large heat capacity is among the
characteristics of the stack material to minimize heat transfer along the x-axis and
maximize heat storing while phasing the sound wave in order to produce cooling
effect [13]. Widely available acrylic sheet was chosen to meet these criterions. The
variations of stack plate thickness (2lo) are 0.15, 0.5 and 1 mm.

Besides δk, stack performance is also determined by its location in the resonator.
Stack must be close to the antinode pressure to obtain a higher temperature vari-
ation in each packet due to higher gas pressure amplitude in the region towards the
pressure antinode [24]. The stack was located at the distance of λ/20 from the closed
end of the resonator [8] as this position will bring the optimum performance to the
device because a well-balanced of pressure and velocity of the sound wave is
achieved [5].

Figure 4a shows a cross sectional view of parallel plate stack, the blockage ratio
is defined as the ratio of area available to gas in the stack to the total area of the
stack. It is expressed as

BR ¼ 2y0
2y0 þ 2l0

: ð3Þ

Fig. 4 a A cross sectional view of the stack. b Heat transfer between plate and gas parcels [25]
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Figure 4b illustrates the gas parcels around the stack which experience dis-
placement and temperature oscillation in association with the pressure variations
with discrete steps as follows:

• When the gas is compressed, the temperature and the pressure will rise to T++
and P++, the heat will move from gas to the stack.

• After the heat transfer, the gas temperature and pressure will drop to T+ and
pressure will remain P++. Gas will be expanded and moved back to its initial
position with decreasing temperature.

• Gas temperature and pressure back to their initial value of T− and P. Stack
temperature is higher than the temperature of the gas.

• Heat moves from the stack to the gas so that the gas pressure and temperature
back to the initial state.

This phenomena which is induced by sound energy continues and generates
temperature difference along the stack. Occurrence of the temperature difference
will gradually end if the critical temperature gradient (rTcrit) across the stack is
equal to the local temperature gradient [17], where

rTcrit ¼ p
nqcp

: ð4Þ

p is the acoustic pressure and n is the acoustic displacement amplitude. This
temperature is important in determining the properties of a thermoacoustic device,
since efficiency depends on a temperature differential caused by the sound waves
that is larger than the critical temperature so that a large cooling effect is created [8].

2.4 Drive Ratio

Variation of the drive ratio was done by adjusting the input voltage to the loud-
speaker. Voltage variations made to vary the amplitude of the sound wave which is
the refrigerator’s driver. The greater the input voltage, the higher the pressure
(amplitude) of sound waves. Peak-to-peak voltage were varied ranging from 1 to
9 Vpp on the function generator. Confirmation of waveforms, Vpp value and the
RMS value of the input voltage is done by connecting a microphone on the end of
the resonator to an oscilloscope.

2.5 Working Gas

The thermal penetration depth in designing stack also put into consideration the
properties of working gas, which in this experiment was air. Air was chosen mainly
because of its availability and its Prandtl number falls into the acceptable category
of working gas for thermoacoustic device [13].
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3 Procedure of the Experiments

Components of the refrigerator was fabricated or chosen based on the literatures.
The resonator was built from a 40 cm straight acrylic tube. The internal diameter of
the tube is 5.3 and the wall thickness is 3 mm. The length of the resonator was set
equal to quarter of wavelength of the acoustic wave based on (2). Air at atmo-
spheric pressure was used as a working fluid, as mentioned in Sect. 2.

An 8 Ω loudspeaker with the maximum power of 30 W was used as acoustic
driver and installed at one end of the resonator. Another end was closed tightly
using the same material as the resonator. After determining the operating frequency
experimentally, the square wave at frequency 180 Hz was set in built-in function
generator of a National Instrument Elvis II and the sound wave was amplified.

The length and the thickness of each stack plate were 6 cm and 1 mm,
respectively. The stack was made of acrylic sheet and cut manually to fit into a
cylindrical stack holder. The spacing between the plates was realized by gluing
0.55 mm fishing line on to the surface of each plate. Then the plates were arranged
and glued in a stack holder made of the same material as the plates. The stack
holder was inserted into the resonator. The fabrication of the stack was done in the
same procedures for other sets of experiments with plate thicknesses of 0.5 and
0.15 mm and plate lengths of 5 and 4 cm, respectively.

Five type K thermocouples with accuracy of 0.05 were used; one for ambient
temperature and two of those were inserted at different position at each end area of
the stack. The temperature data from all thermocouples were acquired simulta-
neously every second by using National Instrument data acquisition module 9211.
Both thermocouples at hot side read the same temperature while those at the cold
side showed difference in reading of 1–2 °C. The lowest reading was featured on
the graphs.

3.1 Experimental Set-Up

Experimental procedures should meet several requirements to better ensure the
accuracy of the data recorded. Before carrying out experiments on the thermal
performance of the thermoacoustic cooling device, some things to consider such as
the time of experiment, setting the ambient temperature, thermocouple placement as
well as the suitability of the basic theory is applied in the experimental set-up.

Besides the necessity of accurate data, precision is crucial in experiment so that
any variation of the data should be repeated under the same conditions to record the
data. Repetition also needs to be done in the opposite direction of variation.

Figure 5 shows the experimental setup of the thermoacoustic refrigerator con-
structed at the Heat Transfer Laboratory, University of Indonesia. The stack was
placed at 6 cm from the closed end. The frequency and wave amplitudes were
measured by a condenser microphone which was located at pressure anti node of
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the resonator. The microphone was connected to a built-in oscilloscope of National
Instrument Elvis II via Labview software. The oscilloscope confirmed the form and
frequency of the wave input.

The experiment was conducted with variations in voltage peak to peak setting
from 4 to 9 as the input voltage to the driver using a built in function generator in NI
Elvis. The thickness of the plate stack was varied; 0.15, 0.5 and 1 mm. With each
variation of the thickness, the length of the plate was also varied, 4, 5 and 6 cm.
Figure 6 is the capture of one of the experiment that shows (a) the function gen-
erator used to input the sound wave and input voltage to the driver and (b) the
oscilloscope monitor.

Fig. 5 The experimental set-up of the experiment

Fig. 6 Wave and voltage setting using national instrument Elvis II function generator (a) and
b waveform and wave amplitude reading using NI Elvis II Osciloscope
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4 Result and Discussion

The theoretical resonance frequency for the resonator based on (2) is 209.6 Hz. The
resonance frequency became around 180 Hz after installing the loudspeaker and
placing the stack in the resonator. The existence of other structures and extra
volume after the driver alter the resonance frequency [16]. 180 Hz is an approxi-
mation since the local temperature gradients established by the device alter the
resonance frequency of the internal fluid [15].

Figure 7 shows the tested frequencies and their connecting voltage result at
different positions; positions 1–6 which are near the edge of the tube, λ/20 from the
driver, λ/8, at the middle of tube length, λ/20 from the tube end and the last one is
the left end. The frequency that resulted higher voltage was considered as the
resonance frequency which was consistently around 180 Hz.

Types of sound waves which are used as the input affect the temperature dif-
ference between both ends of the stack, as shown in Fig. 8. Both ends of the stack
temperature difference is of 7.8 and 5 ° C respectively for the input square wave and
sinusoidal wave input. Cooling is obtained by using a square wave remains stable
up to 20 min, while cooling using sinusoidal wave decreases at about 10 min.
Square wave has a higher energy than sinusoidal waves due to the strengthening of
the amplitude.

4.1 Effect of Input Voltage Setting on Thermal Performance

To understand how sound wave amplitude affects the thermal performance of the
resonator, sound wave amplitude was varied by setting the voltage peak to peak
input from 4 to 9 with one increment for each experiment. The experiments were
conducted for three different length of plate of 4, 5 and 6 cm, respectively. Figure 9

Fig. 7 Frequencies and their
connecting voltage output at
different position in resonator
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shows the performance for three variations on the thickness and the length of stack
plate. Illustration of changes in ambient temperature difference and the cool side,
the ambient temperature difference and the hot side and the cold side of the total
temperature difference and heat each side indicated by Ta – Tc, Th – Ta and Ttotal.
One block consists of four sections which represent data at 5, 10, 15 and 20 min
duration.

The results showed that the length of 6 cm imply the largest temperature dif-
ference between cold and hot end of stack as shown in Fig. 9a–c. It is seen that the
thermoacoustic phenomena inside the resonance tube yielded temperature differ-
ence between two extremities of the parallel plate stack. The result shown is the
largest temperature difference, 14.8 °C achieved in 10 min time that occurred by
using 0.15 mm plate thickness at input setting 9 Vpp.

Figure 10 presents the temperature difference across the stack yielded with
various input voltage using 0.15 mm plate thickness. As expected the plot shows
that higher input voltage will produce linearly higher temperature difference. The
difference grows rapidly more than 50 % in 30 s and continues to around 80 % in
4 min and becomes generally constant in 10 min. These trends are in agreement to
those shown in literature [26]. It is observed that starting from 10 min duration of
experiment the local temperature gradient is relatively equal to the critical tem-
perature gradient so that the acoustic energy have been fully used to overcome the
heat dissipation [27].

The difference in temperature of the stack cold side (plate thickness of 0.15 mm)
and the ambient temperature was plotted against time in Fig. 11. The data was
recorded for 20 min with various input voltage to the loudspeaker. The figure shows
that at 9 Vpp input to the driver the temperature of cold side decreased the most,
8.4 °C, in 90 s. The trend in Fig. 6 is similar to that found in the literature [28].

Fig. 8 Differences in temperature with different input wave
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Fig. 9 Comparison of the results of the stack length 4–6 cm for a 1 mm thickness, b 0.15 mm
thickness and c 0.5 mm thickness, on the temperature difference
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The temperature then began fluctuating on the cold side of the stack due to
drifting of thermocouples but it stayed lower than others. The figure also indicates
that the cooling rate with input voltage 8 and 9 were faster than other input voltages
although the trends are similar for all variations. The data was also recorded for
different plate thickness, 0.5 and 1 mm with various input voltage. All measure-
ments were recorded in a room with 26.5 °C ambient temperature (Ta).

4.2 The Effect of Plate Thickness on the Thermal
Performance and Cooling Rate

Figure 9 depicts that using stack plate of 0.15 mm thickness produced the largest
temperature difference across the stack and the fastest cooling rate compared to
plate thickness of 0.5 and 1 mm. The input voltage to the driver remained constant
during the experiment. At 9 Vpp, the largest temperature difference (Th – Tc) for
plate thicknesses of 0.15, 0.5 and 1 mm were 14.8, 13.1 and 9.2 °C respectively. It
indicates that for the given resonator geometry, thinner plates means lower
blockage ratio and produces higher thermal performance as found in literature [29].

Figure 9 also shows that at the same condition of input voltage, decrease in
temperature at cold side of the stack (Tc – Ta) were up to 8.1, 7 and 4 °C for plate
thicknesses of 0.15, 0.5 and 1 mm, respectively. It was observed from the exper-
iment that thinner stack plate shows faster cooling rate at the cost more effort in
fabricating the stack plate and deterioration of the stack plate after several set of
experiment due to less rigidity in material used for the stack, as shown in Fig. 12.

Fig. 10 The thermal performance of the resonator from 4 to 9 Vpp
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Fig. 11 Cooling rate of cold side of the stack, plate thickness of 0.15 mm

Fig. 12 Thermal performance and cooling rate with variation in stack plate thickness at 9 Vpp
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5 Conclusions

The performance of the refrigerator in terms of temperature difference produced at
the ends of the stack and the cooling rate were observed. The results showed that
higher amplitude of sound wave (ranging from 4 to 9 Vpp setting) produce larger
temperature difference, as expected. The experimental result showed that using
plate with thickness of 0.15 mm and length of 6 cm at 9 Vpp yielded the largest
temperature difference when compared to 0.5 and 1 mm plate for the given length
and input voltage to the driver. Decrease in plate thickness leads to significant
increase in cooling rate; which are for 0.15 mm plate thickness temperature dropped
8.5 °C below the ambient temperature in 2 min. For 0.5 and 1 mm plate thicknesses,
the temperature drops 5 and 1 °C, respectively, below ambient in the same amount
of time. Thinner plates which provide more area for heat transfer relative to the
given resonator ensure faster cooling rate. However, whether the thinnest is the
most optimum one still needs further study since by using plate of 0.5 mm thickness
the cooling effect was more consistent and the stack structure was much more rigid
compared to others.
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Characteristic of Coal Stockpile
in Lowland and the Effect to Environment

Rusdianasari, Susila Arita, Eddy Ibrahim and Ngudiantoro

Abstract Coal stockpile is a temporary shelter before they are sent to the consu-
ment and is the operational center for a coal port. Stockpile is also used to mix coal
in order to fit the needs of homogenization. Coal stockpile has wetlands in the flat
topography lowlands affected by the tide. Influence the ups and downs of sea water
is higher in this region compared to the influence of rainfall. Liquid waste from run-
off and coal stockpile wetting is containing suspended solids and some dissolved
substances. The existence of liquid waste from leachate can reduce the degree of
acidity (pH) and increase the content of total suspended solids (TSS), iron (Fe) and
manganese (Mn). Monitoring the effect to the environment on the coal stockpile is
intended to perform an environmental assessment of the effect which arise due to
the existence and operation of coal accumulation. Effect analysis based on the value
of the effluent, air pollution (dust), soil and water by looking at the parameters of
the coal waste water pH, TSS, metals Mn, and Fe, the total suspended particulates
(TSP) parameters of air pollution and noise, and soil pollution in the form of
physical and chemical characteristic of the soil.

1 Description of Stockpile

Coal stockpile is temporary shelter of coal before it is sent to consument and center
of operational for a Coal Port. Coal which is mined from the mine site will be
brought into the port of coal by road and then shipped to the consument. Stockpile
serves as a buffer between the delivery and processing process, as well inventories,
strategic and minimize short-term disruption or long term. It also serves as a mixing
and distribution place by type of coal to conform with the request as required.
Besides these purposes, the stockpile is also used to mix coal so the homogenization
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process as needed. Homogenization aims to prepare the products from one type of
material in which fluctuations in coal quality and size distribution are equated. In
the homogenization process there are two types of blending and mixing [1].

Stockpile management is the process of setting or procedure which consists of
the quality setting of the coal in the stockpile build up procedure. This is done as
an effort to make coal produced can be controlled, both quality and quantity. In
addition stockpile management is also intended to reduce the losses that may appear
from the handling process or handling of coal in the stockpile, such as rain, dust in
the dry season, or burnt caused of coal burnt in the stockpile. Coal stockpiling
setting is very important because it is related with the maintenance problems of
quantity and quality of coal stacked in the stockpile [2].

1.1 Types of Stockpile Based on the System of Stockpiling

There are some types of stockpiles based on the system of stockpiling, as follows
[3, 4]:

a. Cone ply is a system with a cone shape on one of end point until the required
height is reached and continued based on long of stockpile. This system uses
bulk tools, such as stacker reclaimer (Fig. 1).

b. Chevron is a system by stockpiling placement in one line material, along
stockpile and stack frequently until reaches the required height. This system is
good for bulk tools such as: belt conveyor or stacker reclaimer (Fig. 2).

c. Chevcon is a combination of stockpiling between cone ply system and chevron
system (Fig. 3).

1,2,3,4,5,6 = sequences of stockpiling 

6
5
4
3
2
1

Fig. 2 Chevron system

1, 2, 3, 4 = sequences of stockpiling

4 3 2 1

Fig. 1 Cone ply system

222 Rusdianasari et al.



d. Windrow is a system with stacks in parallel lines along the width of the stockpile
and continued until the required height is reached. Commonly is used in tools
such as: the backhoe, bulldozers, and loaders.

Coal stockpile where the study was conducted, Stockpile system is using
chevron type because: contour shape, types of tools used, ease of handling, and to
avoid self heating.

1.2 Technical Terms of Stockpiling

In the implementation of the stockpiling and demolition process must be regulated
well. This is to avoid the stockpiling overcapacity. In this case technical Terms of
stockpiling include [3]:

a. Coal quality
Coal as one of the technical terms of stockpiling should also be considered. Coal
which is influential as follows:

(1) Coal which is stockpiled is one type
To avoid higher grade coal is burnt so for each stockpiling location is used
similar coal (same grade and quality). That is because a lower grade coal is
easier and faster to be burnt by itself, so heat from a lower grade coal
accumulated and will influence higher grade coal to be burnt.

(2) Grain Size
Grain size has an influence to self heating indication, so in the coal
stockpile handling should avoid coal production with the same size,
because same grain size will make large enough space in stockpile and it’s
easy to happen the flow of air.

b. Basic surface design of stockpile
Basic surface of stockpile must be stabilized and bedding by using material
which is strong enough to support the weight of coal stockpile. In addition basic
surface of stockpile must be slightly convex to make drainage of stockpile
fluently. It is intended to prevent puddle which is trapped in the middle of
stockpile when it is rain. In stockpile with cone shape, the weight point will be

1,2,3,4,5,6,.... = sequences of stockpiling

14

7 6 
5 4 3 2 1 

13 

12 1110

9 8

15
Fig. 3 Windrow system
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around the center of circle. This will make basic of stockpile will be decrease. If
occurs decrease of basic of stockpile, it will make water is trapped in cavity
which make difference humidity in stockpile which in the long term will make
self heating or be accelerator when the temperature of top coal is increase [5].

c. Stockpile place condition
Stockpile place condition which influence to technical term of stockpile as
follows:

(1) Clean area stockpile
Coal stockpile area must be free of all of the flammable material such as
wood and waste. Besides it must be free of a pieces metals.

(2) Source of water with high pressure
Source of water with high pressure is very required if there is burning
process around stockpile, example hidrant. Source of water with high
pressure is required if there is burning around stockpile if it is not
immediately extinguished then will influence temperature of stockpile will
be increase and self heating process will be happened in stockpile.

(3) Making conduit surroundings stockpile
To drain water from coal stockpile is well which is from rain, and from
water spraying surrounding stockpile area must be made conduit which is
finally drain to settling pond. Water which is through coal stockpile will
dissolve small coal from coal stockpile, so that small coal will be carried by
water flow. Therefore before water is drained to river, it needs water
treatment for water from that stockpile, or at least making settling pond. It
will make small coal which is carried by water flow from stockpile, and it
will not contaminated environment especially river. Besides settling pond,
if the water from settling pond has pH < 7, it must be neutralized. Acid
water neutralization with calcium carbonate and will be treated after
through settling pond or before is drained to river or sea.

(4) Stockpile position
Stockpile Position must be considered to wind direction. Stockpile position
is not facing wind direction, especially for long stockpile to avoid oxida-
tion process in Stockpile [5].

1.3 Coal Delivery

Coal delivery is activity to load and unload coal which is in stockpile. Stockpile
delivery has some system as follows [2]:

a. LIFO (Last In First Out) System is a system where the last coal which is
stockpiled will be taken for the first. In this system stockpiling process based on
schedule but when delivery process the last coal which is stockpiled will be
delivered in the first so this system may make coal is stockpiled for a long time.
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b. FIFO (First In First Out) System is a system where the first coal which is
stockpiled will be taken for the first too. FIFO management in each stockpile for
the Coal Company and in the end user must be done. Because it will prevent the
risk of spontaneous burning in the stockpile. It because if coal is exposed into
the air it will make coal is oxidate and it means will be happened self heating
until spontaneous burning. Usually FIFO management is threated with quality
problem. Sometime coal which has stockpiled in the first in stockpile, it can not
load and deliver with the reason that the quality is not required. But every FIFO
management must be priority because besides as preventing some problem,
FIFO system is cheapest.

1.4 Potential Effects of Coal Stockpiling

Potential effects of coal stockpiling is an effect or impact that could potentially
appear from coal stockpiling. Potential effects of coal stockpiling varies in different
types of coal, depending on the method of stockpiling [6]. Some potential effects of
coal stockpiling that often occurs is as follows:

a. Self heating and self heating factor of coal stockpiling
Self heating of coal stockpiling is a common thing and should get the attention
especially on large coal stockpiling. Coal will oxidize when exposed on the
surface during mining, so coal which is stockpiled will be oxidized continu-
ously. The result of the oxidation reaction between oxygen and volatile gases
from volatile matter in coal will produce heat [7].
When the oxidation reaction happens continuously, heat product will be increase,
it also happens to coal stockpile. This temperature increase is also due to air
circulation and heat in the stockpile is not fluently, so the temperature in the
stockpile will accumulate and increase until it reaches the point of combustion
temperature, which can eventually lead to self heating on the stockpile [8].
Some factors which cause coal self heating process, among others:

(1) Stockpiling time
The longer coal will accumulate more heat which is stored in the stockpile,
because the volume of air contained in the larger deposits, so the oxidation
rate becomes higher.

(2) Stockpiling methods
In a stockpile of coal needs to get compaction. With the compaction will be
able to inhibit the occurrence of coal’s self heating, because the space
between the grains of the material between the coal is reduced. The tool
used for compaction is track dozer.

(3) Stockpiling conditions
Influence on the process conditions of self heating coal stockpiling,
namely:
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• High of stockpile
Height of the stockpile is too high will cause more heat is absorbed, it is
because of the hypotenuse is formed will become longer, so the area is
not compacted will be more extensive and will result in greater surface
oxidized. Bituminous coal are stockpiled for more than 30 days should
be the maximum height of stockpile are 6 m. As for the lignite coal
stockpile are stockpiled for more than 14 days and the maximum height
of stockpile are 4 m.

• Angle stockpiles
Angle which is formed from a stack on the stockpile should be smaller
than the angle of repose of coal mine. In general, coarse-sized material
has a larger angle of repose than fine-sized material. The slope of the
coal’s stockpile are quite ideal is 38°.

• Grain size
Basically the larger the surface area in direct contact with the outside
air, the faster the combustion process itself happens. Conversely the
larger the size of the lump of coal, the slower the swabakar process.
Grain size of coal also affects the rate of the Oxidation Process. The
more uniform grain size in a large stockpile of coal, the greater porosity
and consequently the greater permeability of outside air to be circulated
in the coal stockpile.

(4) Coal Parameter
Parameters which is affecting self heating coal is as described at the
beginning of this theory. Indication is affected the rate of oxidation
increases as the decrease self heating coal rank.

(5) Self heating temperature
All types of coal have indication to happen self heating process, but the
time required and the temperature required for the self heating process is
not same. For low rank coals have require a shorter time and lower tem-
perature when compared to coal that has a high rank.

2 The Characteristics of Coal Stockpile in Lowlands

Coal stockpile at Muara Telang, Banyuasin Regency, South Sumatra, Indonesia, is
one of the few existing stockpile at the Port of Tanjung Api Api region in the
lowlands area which is affected by the tides. Stockpile location located at coordi-
nates 02° 31′00.22″S–02° 31′05.5″S 104° 48′00.7″E and 02° 30′37.6″S–02° 31′
24.3″S 104° 48′18.11″E–104° 48′20.6″E, with an area ±61.09 Ha [9].

Coal stockpile at Muara Telang has flat topografi which is influenced by tide and
wet tropical climate. Stockpile dimensions with a maximum height of stockpile
±15 m, with an angle of stockpile on conveyor belt, angle stockpile which is formed
about 25°–30°, while angle stockpile which is pushed by bulldozer is 38°–44°,
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grain size about 1–30 cm for coal from mine and 50–100 mesh for coal blending.
The quality of coal in stockpile contain total moisture 30.19 %, ash content 6.63 %,
volatile matter 41.05 %, fixed carbon 40.28 %, total sulfur 0.67 % and calorific
value 5,926 kcal/kg.

3 Environment Quality of Coal Stockpile

3.1 Air Quality in Stockpile

a. Temperature
Air temperature measurements are required, in which the gas content in the air is
inversely proportional. At low temperatures, the concentration of gas pollutant in
the air is considerably high (floating near the surface of the earth), increasing air
temperature lowering the gas pollutant in air (gas rises in the atmosphere). The
temperature of the air in coal stockpile locations ranged from 29.8 to 31.8 °C [9].

b. Carbon Monoxide (CO)
Carbon monoxide is a toxic gas that is colorless, odorless, and has no taste. This
component has a weight of 96.5 % of the weight of the water and does not
dissolve in water. Carbon monoxide is present in nature from incomplete
combustion of the carbon or carbon-containing components, the reaction
between carbon dioxide and carbon-containing components at high tempera-
tures, the carbon dioxide will decompose into carbon monoxide and oxygen.
Several studies have shown, the effect of CO on plant is usually not seen in
practice. Effect of CO in humans at high concentrations can cause death,
whereas contact with CO at relatively low concentrations (30,000 ppm or less)
can be detrimental to health. Effect of CO on the human body is mainly caused
by the reaction of CO with hemoglobin (Hb) in the blood.
The results of measurements taken at four sampling points below the level of
CO was established standards 77–124 μg/Nm3. For the content of CO in resi-
dential location, the content of CO is generally derived from the activity of
motor vehicles and household activities [9].

c. Sulfur dioxide (SO2)
Pollution by sulfur dioxide is mainly caused by two components of sulfur forms
a colorless gas, namely sulfur dioxide (SO2) and sulfur trioxide (SO3), and both
are called sulfur oxides (SOx). Sulfur dioxide has a characteristic pungent odor
and non-flammable in air, while the sulfur trioxide is a component that is not
reactive. SO2 in the air always produced in large quantities. The amount of SO3

formed varies from 1–10 % of the total SOx.
SO3 in the air in the form of gas is possible only if the concentration of water
vapor is very low. If the water vapor present in sufficient quantities, SO3 and
water vapor will soon combine to form droplets of sulfuric acid (H2SO4) with
the following reaction:
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SO3 þ H2O ! H2SO4

The normal components contained in the air is H2SO4 not SO3. But the amount of
H2SO4 in the atmosphere is more than SO3 emissions, this suggests that the
production of H2SO4 also from other mechanisms. After being in the atmosphere
as SO2 is converted into SO3 (later to become H2SO4) by photolytic processes
and catalytic. Total SO2 oxidized to SO3 is influenced by several factors including
the water content, intensity, time, and distribution spectrum sunlight.
SOx influence on plants can be affected by two factors, namely the effect of SO2

concentration and contact time. Effects on humans and animals, SOx at con-
centrations much higher than the concentration required is irritation to the
respiratory system. Measurement results performed SO2 on four sample loca-
tions as in Table 1 (5.26–30.26 μg/Nm3), which is consist of still below the
threshold standards (900 μg/Nm3) [9].

d. Nitrogen oxides (NOx)
Nitrogen oxides (NOx) are a group of gases in the atmosphere of gas nitric oxide
(NO) and nitrogen oxide (NO2). Although other forms of nitrogen oxides exist,
but these two gases are most commonly found as an air pollutant. Nitrogen
oxide is a gas that is colorless and odorless, whereas nitrogen dioxide has a
reddish brown color and pungent odor.
The sun’s rays can lead to compounds react with nitrogen oxides that damage
the ozone (O3), which is a chemical compound that plays a role in the formation

Table 1 The results of measurements of air quality and noise levels in the coal stockpile

No. Parameter Unit Measurement results Threshold
standardaU-1 U-2 U-3 U-4

1 Air
temperature

°C 29.8 30.6 31.8 30.5 –

2 CO µg/Nm3 77 124 92.4 90.2 30.000

3 SO2 µg/Nm3 5.26 30.26 10.16 10.10 900

4 NO2 µg/Nm3 2.08 21.73 6.55 6.50 400

5 HC µg/Nm3 0.6 2.5 0.3 0.2 160

6 TSP µg/Nm3 12 44 11 10 230

7 Noise dBA 45.9 50.3 44.8 41.3 55b

70c

U-1 Coal stockpile location, U-2 Sri Tiga Village, U-3 Telang riverside, U-4 Karang Anyar
Village
a South Sumatra Governor Regulation No. 6 in 2012
b For residence area
c For industrial area
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of nitrogen dioxide (NO2), and formation of smog and acid rain. Some of the
adverse effects caused by pollution is not caused by oxides NOx, but because of
its role in the formation of photochemical oxide as a critical component in
smoke. Presence of NOx in the atmosphere at a concentration of 3.5 ppm higher
necrosis or damage woven leaf. NO2 at a concentration of 5 ppm for 10 min
inhaled by humans will result in a slight difficulty in breathing. The results of
measurements on four sample locations, the actual NOx (2.08–21.73 μg/Nm3) is
still below the threshold standard [9].

e. Total suspended particulate
Dust particles generally contain a variety of different chemical compounds with
different sizes and different shapes, depending on where the source emission.
Naturally particulate dust can be generated from dry dust carried by the wind or
derived from a volcano vomit. Incomplete combustion of fuels containing car-
bon compounds will be pure or mixed with organic gases as well as the use of
diesel engines that are not well maintained. Particulate dust drift is also pro-
duced from the incomplete combustion of coal produces the aerosol forming
compound of tar beads. Compared to the burning of coal, oil and gas com-
bustion generates fewer particulates floating dust. Motor vehicle density can
increase the total emission of black smoke particulate dust.
Size of dust particulate solid or liquid form in the air depends on the size. Size of
dust particulates that endanger health generally range between 0.1 and
10 microns. In general, the size of about 5 micron of particulate dust is airborne
particulate matter that can go directly into the lungs and settles in the alveoli.
This situation does not mean that the size of particulates greater than 5 micron
are not dangerous, because the larger particulates may interfere with the upper
respiratory tract and cause irritation. This situation will be worsen if the syn-
ergistic reaction with SO2 gas contained in the air which comes from the activity
of stone crusher and unloading coal. Furthermore particulate dust that floated
and fluttered in the wind will cause irritation to the eyes and can impede pen-
etration eye (visibility). The existence of spills of toxic metals contained in
particulate dust in the air is the greatest danger to health. In general, the polluted
air containing hazardous metals only about 0.01–3 % of all particulate dust in
the air. However, these metals can be cumulative and possibly synergistic
reaction occurs in the body’s tissues.
The results of measurements taken at four sample locations, the content of
particulate dust 10–44 μg/Nm3 and remained below established standards [9].

f. Noise
Noise in occupational health is defined as hearing voices that can reduce both
quantitatively (increased hearing threshold) and qualitatively (narrowing of the
spectrum of hearing) factors related to the intensity, frequency, duration and
timing pattern. Noise is measured with a sound level meter. With the mechanism
of action, if any object vibrates, it will lead to changes in air pressure that can be
captured by these tools and will move the meter pointer.
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Noise causes various disorders on society, labor and animals around him. Noise
can cause disruption, such as impaired physiological, psychological, commu-
nication disorders and deafness, or disorders such as auditory disorders, such as
disruption of hearing and non-auditory disturbances such as impaired commu-
nication, health hazards, decrease work performance, fatigue and stress. The
results of conducted noise level measurements at four samples locations, the
noise level is between 41.3 and 50.3 dBA, still below the threshold standard.
The results of measurements taken at several locations in the stockpile area
shown in Table 1. In Table 1 shows that the temperature has no significant
difference, where the measurement takes place when the air temperature is quite
bright [9].

3.2 Water Quality

Water quality can be seen from the parameters of physics and chemistry. Conse-
quent changes in the physical parameters of the surface water are temperature and
dissolved solids. The solids consist of organic and inorganic solids dissolved, and
suspended sediment. This material will settle to the bottom of water causing specific
siltation of water bodies. Another consequence of this solid growth of aquatic plants
cause grow of water plant can be toxic to other creatures. The number indicates
sludge solids contained in the water. Chemical parameters include the level of
acidity (pH) and heavy metals.

a. Water temperature
Surface water quality standards (water bodies) set at normal temperatures. High
surface water temperatures (>45 °C) will affect the speed of chemical reactions
as well as life in the water. Temperature changes show activity of biological
chemistry in solids and gases in water. Decaying os at high temperatures can
lower the solubility of oxygen in the surface water. Therefore the aeration
process will inhibit degradation of organic matter. Furthermore it will give affect
to kill biota in water bodies and also the vegetation tropical. However, the
averaged water temperature of 25.5 °C is a good indicator and suitable to
conditions (lower than average air temperature). The average value of the
temperature measured was still met the quality standard [9].

b. Total suspended solids
The solids consist of organic and inorganic solids dissolved, and suspended
sediment. This material will settle to the bottom of water over time causing
siltation in particular on surface water bodies receiving. Another consequence is
the solid substances pose particular the growth of aquatic plants and can be toxic
to other creatures. The number indicates the amount of sludge solids contained
in the water. From the analysis of dissolved solids, dissolved solid substances
classified as very high compared to environmental standards, the concentration
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of dissolved solids ranging from 249–355 mg/L, indicating that the location of
water samples containing very low dissolved solids than the Environmental
Quality Standard of 200 mg/L [9].

c. Acidity value (pH)
Normal water pH value is between 6 and 8, meanwhile the pH value is polluted,
for example waste water varies depending on the type exhaust. The changes in
acidity in wastewater either to the alkaline (higher pH) or to the acid (lower pH)
would greatly disrupt the lives of fish and aquatic animals in the vicinity. Waste
water with a low pH is highly corrosive to steel and will cause corrosion on iron
pipes. Environmental Quality Standards for the parameters of the surface water
pH is 6–9. Furthermore, water is highly acidic or alkaline will result in dis-
ruption of marine life and even the equipment used. From Table 2 shows that
almost all the locations showed low pH values (tends to be acidic) and beyond
the environmental quality standards [9].

d. Dissolved oxygen
Dissolved oxygen is a basic requirement for plant and animal life in the water.
Living being in the water depends on the ability of water to maintain the
minimum oxygen concentration required for life. Fish are aquatic creatures that
require the highest oxygen, then invertebrates and the smallest is the bacteria
need oxygen. Minimum dissolved oxygen concentration for microbial life can
not be less than 5 ppm. The concentration of dissolved oxygen is too low can
result in fish (necton) and resulted in the rapid corrosion process because oxygen
will bind hydrogen that coats the surface of the metal [9].

e. Heavy Metal and Toxic
Dissolved oxygen levels of the aquatic ecosystem in the vicinity of the study
showed a relatively low value (less than 6 mg/L). Thus criteria, environmental
quality aquatic ecosystems say less good or beyond the threshold standard.
Water is often contaminated with inorganic components, including heavy
metals. Manganese (Mn) and iron are oxidized in water produced insoluble

Table 2 Analysis data of river water

No. Parameter Unit Analysis results Threshold
standardaU-1 U-2 U-3 U-4

1 Temperature oC 26.5 26.5 26.5 26.5 –

2 pH – 3.08 4.59 4.48 4.94 6–9

3 Total suspended solid mg/L 249 310 355 289 200

4 Dissolved iron mg/L 6.074 7,579 6.551 6.505 7

5 Dissolved manganese mg/L 2.059 2.556 2.678 1.987 4

U-1 the main trench, U-2 trench 3, U-3 telang river, U-4 trench 4
a South Sumatra Governor Regulation No. 8 in 2012 [16]
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brownish color, which causes the water can not be used for domestic purposes
and rocks containing compounds such as manganese and iron pyrite and
hematite. In water bodies, iron (Fe) from the corrosion of heavy equipment and
water pipes, metal materials as electrochemical reactions occurring on the sur-
face. Water containing dissolved solids having electrically conductive properties
to accelerate corrosion.
The results of laboratory tests on water samples taken showed levels of iron (Fe)
in all locations are above the specified standards. This could be possible due to the
oxidation of the pipes or objects that contain elements of iron along the river [9].

4 Environmental Impact of Coal Stockpile

4.1 Impact on Air Quality

a. Total Suspended Particulate (TSP)
Total Suspended Particulate is a very complex mixture of various organic and
inorganic compounds in the air with the greatest diameter is very small, start
from <1 to 500 microns. Dust particulate will be in the air within a relatively
long time in suspended form in the air and into the human body through
respiratory. In addition to negatively affect health, dust particle can also interfere
with the power of invisibility eyes and also indicate chemical reactions, with
different sizes and different shapes, depending on where the source emits [10].
Naturally particulate dust can be produced from the dry dust which is carried by
the wind, oil and gas burning from the engine, and amount of motor vehicles. In
the coal stockpile, when the dry season, the soil becomes dry so dust will scatter
more, the operation of heavy equipment such as crusher stockpile also con-
tributed dust, and truck traffic transporting coal from mines to coal stockpile and
unloading coal contributes dust in the stockpile location.
Measurements have been done at some location. Content of particulate dust
(10–15 µg/Nm3) still below the quality standards established (threshold standard
230 µg/Nm3).

b. Noise
Noise in the stockpile location cause of the sounds of heavy equipment during
loading and unloading process of coal and transportation vehicles of coal. Noise
not only varies according to the sound pressure, but is also highly correlated with
the frequency. There are several ways to reduce the influence of noise: reduce
noise at the source, making the barrier to conductive media, and put earplugs.
Noise reduction can be carried out by planting crops such as grasses, shrubs and
trees. Plant species is effective to reduce the noise that has a thick canopy with
shady leaves. Beside can reduce noise, while wind can produce sound [11].
Trees can reduce noise by absorbing soundwaves by the leaves, branches and
twigs. Vegetation planting trees in the form of shelter belt, with a tight closure
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and layered, can be substantial noise reduction up to 95 % of the source. To
cope with the noise at the location of the stockpile is done by revegetation.
Planted vegetation is expected to be able to reduce the impact of changes in air
quality [12].
Noise level measurement results which is done at some stockpile location, the
noise level (41.3–79 dBA). For measurements in a residential area of population
is still below the quality standards which is established (55 dBA) while in the
stockpile location the quality standards is exceeded the quality standards which
is established (55 dBA).

4.2 Impact to Water Quality

Water conditions in the coal’s stockpile location and stockpile activity is influenced
by rainfall. The existence of coal stockpile activity will affect the quality of water
for pH, TSS, and metals content [6].

To determine water quality in the stockpile location it will take sample of the
water at several place/location, namely in the drainage, trenches 3 and 4, settling
ponds and in the Telang river. Water samples were analyzed in the laboratory and
compared with the water quality standards based on by peraturan Gubernur No. 8
Tahun 2012 is threshold standard to pH 6–9, TSS 200 ppm, metal content 9 ppm of
Fe and metal content 4 ppm of Mn.

a. pH value
Normal pH value of water is approximately neutral is 6–8, while the pH value of
the water is polluted, for example wastewater varies depending on debit. Acidity
changing of the waste water either toward alkaline (pH up) or (pH down), would
greatly interfere the lives of fish and other aquatic animals surrounding coal’s
stockpile location. In addition, waste water has a low pH is very corrosive to
iron and steel and often cause corrosion on metal pipes [13]. Environmental
Quality Standard for pH parameters on surface water area and waste water/water
washing of coal is between 6 and 9 [14]. From the results of the laboratory
analysis, pH values for water samples in the coal stockpile locations ranged
from 3.08 to 5.87, and is still below the quality standard (threshold standard
6–9) and spatial distribution maps can be seen in Fig. 4.

b. Total Suspended Solids (TSS)
Solids consist of organic and inorganic solid materials are dissolved, settle, and
suspended. Which is include total suspended solids is sludge, clay, metal oxides,
sulfides, algae, bacteria and fungi. This material will settle to the bottom of water
which gradually raises special silting on the surface of receiving water. Another
impact this solid will indicate growth of certain aquatic plants can be toxic to other
aquatic creature. Total solid will indicate that the contain sludge in the water.
Total suspended solids are generally removed by flocculation and filtration.
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Total suspended solids contribute to turbidity (turbidity) by limiting light pen-
etration for photosynthesis and visibility in the waters [15]. From the analysis of
suspended solids, suspended solids content is high if compared to environmental
quality standards, suspended solids concentrations ranged from 204–355 ppm, it
shows that the water samples of location containing suspended solids higher
than the Environmental Quality Standard of 200 ppm. Spatial distribution Map
for pH values of water in the coal’s stockpile locations can be seen in Fig. 5.

c. Heavy Metal
Water is often polluted by inorganic components, including heavy metals.
Dangerous heavy metals are widely used in various purposes, therefore rou-
tinely produced on an industrial. Heavy metals in general, such as a mixture of
iron (Fe), copper (Cu), total chromium (Cr), and aluminum (Al). Other metals
were included in the heavy metal is manganese (Mn).
Manganese (Mn) and Iron (Fe) is oxidized in the brownish water and insoluble,
which causes the water cannot be used for household and consumption of
industrial water is so limited [14].
In the water surface, Fe levels is exceed of 1 ppm, but in groundwater, levels of
Fe can be much higher. For the water which is poor of oxygen, such as
groundwater, iron is present as Fe2+ fairly solid dissolved, while the river water
flow and aeration occurs, oxidized Fe2+ is oxidized be Fe3+ which are difficult to
dissolve at pH 6–8 (solubility only under a few μg/L), it also can be ferric
hydroxide Fe(OH)3 or one type of oxide that is solid and can settle. In river
water, iron is present as Fe2+. Fe3+ dissolved, and Fe3+ in the form of a colloidal
organic compounds. Iron is a main food source for the bacteria of iron

Fig. 4 Spatial distribution maps for pH of water in coal stockpile location
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(centothrix, leptothrix, and gallionella) that can cause bad smell, dirty looks, and
had a strange taste.
The results of laboratory tests on water samples which is taken at some point in
the stockpile locations showed levels of iron (Fe) is exceed of the specified
quality (threshold standard 7 ppm), while the levels of manganese (Mn) is still
well below the standards (threshold standard 4 ppm). Spatial distribution map of
Fe and Mn content in the water can be seen in Figs. 6 and 7.

Fig. 5 Spatial distribution map for TSS of water in the coal stockpile locations

Fig. 6 Spatial distribution map of Fe content in the water
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4.3 Impact to Soil Quality

The process of soil formation in the area of Muara Telang strongly influenced by
water (alluvial processes), with the additional effect of a salt water seeping or
flooding tide at surface of soil in some areas. Areas that are under the influence of
flooding will formed lands alluvial. In the areas which is not affected by salt water
will form tropaquent soil. Existence is determined by the length of study in the most
years, fluvial process is happened because of epipedon histik, sodium saturation
which is more than 15 %, and levels of pyrite is high. When pyrite close to the soil
surface, so that soil is called by sulfaquent.

Based on the results of field studies, the condition of the soil around the stockpile
is thin peaty marshland. Soil type generally alluvial with shrub land cover with
Gelam vegetation, palm, and marsh grass in the area of tidal marsh.

a. Chemical Characteristic of Soil

(1) pH of soil
Soil reaction shows acid or alkalinity of soil which is indicated by pH
value. pH value indicates the number of the hydrogen ions (H+) in the soil.
The higher concentration of H+ ions in the soil, the more acidic the soil. In
the soil besides H+ and other ions were also found OH− ions, and the
concentration is inversely proportional between H+ and OH. While Acid
soils the amount of H+ ions is higher than OH−. While alkali soil contains
more OH− than H+.
Alluvial or inceptisol generally have a very low pH of <4, so type of this
soil is difficult to use for cultivation. Soil acidity (pH) is the characteristic

Fig. 7 Spatial distribution map of Mn content in the water
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of soil that influence absorption of nutrients by plants and is an indicator of
toxic elements that influence the growth of the organism.
Field observation several points that represent the existing land units,
namely the trench 3 and 4 and the center of the land. Composite sampling
is done at depths up to 30 cm though. The results of the laboratory analysis
showed that soil in stockpile locations have high acidity (low pH) with a
range of 3.28–4.9 and its distribution map is shown in Fig. 8.

(2) C-organic content
The content of organic matter in the soil is one of the main factors in
determining an aquaculture farm be success. It cause of organic content can
increase chemical, physics and biology fertility of soil. Organic content is
determined based on amount of C-Organic.
Organic content of soil determines interaction between abiotic and biotic
component in soil ecosystem. In her research state that organic content
with C-Organic form in the soil must be maintained >2 %, it will make
organic content in the soil is not decrease by time cause of mineral
decomposition so soil must be added with absolute organic content every
year. Organic content is closely related with Capacity of Cation Exchanger
and can increase Capacity of Cation exchanger of soil. Without adding
organic content to soil, it will make soil gets chemical, physics, and
biology degradation which can affect aggregate of soil and will happened
soil compaction.
From the results of analysis with chemical method where soil has
C-Organic content about 0.40–4.01 %. Distribution map for C-Organic
content can be seen in Fig. 9.

Fig. 8 Spatial distribution map for pH of soil
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(3) Nitrogen Content
Nitrogen is a macro essential nutrient, content about 15 % of the weight of
plant and it uses in protein formation.
The source of N is atmosphere as primary sources, and others source are
from activities in the soil as secondary sources. Symbiotic N Fixation is
particularly presented in leguminosae (kind of plant) as certain bacteria.
Organic content will miss N and other contents after decomposition pro-
cess by microorganisms activities in the soil. N free from soil it cause of
used by plant or microorganisms. Total N contents generally about
between 2,000 until 4,000 kg/ha at 0–2 cm layer but it is provided for the
plant are <3 % from total N contents. Function of Nitrogen is pushing the
growth of plants in the vegetative phase and so important in the formation
of chlorophyll, amino acids, fats, enzymes, and other compounds. Nitrogen
content in the soil is in organic and inorganic forms. Organic form include
NH4, NO3, NO2, N2O and elements of N. Plants absorb these elements,
especially in the form of NO3, but other forms are also able to absorb NH4,
and urea (CO(N2))2 in the form of NO3. Furthermore, in the cycle, min-
eralization of organic Nitrogen will be happened in the soil while minerals
get immobilization. Most N transported, mostly back as plant residues, lost
to the atmosphere and back again, is lost through watering and increased
again through fertilization. There are lost or gained cause of rain.
Relatively very low Nitrogen content ranged only from 0.05 to 0.22 %,
spatial distribution map for the nitrogen content can be seen in Fig. 10.

Fig. 9 Spatial distribution map for C-Organic content
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(4) Phosphorus Content (P-Bray)
Elements phosphorus (P) in soils derived from organic matter, fertilizers
and minerals in the soil. Phosphorus is most readily absorbed by the plant
at pH about 6–7. There are two types of phosphorus organic phosphorus
and inorganic phosphorus. Organic phosphorus is usually found in the top
layer is much richer in organic matter. If poor of phosphorus, inhibited cell
division in plants and stunted growth. Phosphorus content of the soil of
coal stockpile area ranged from 9.9 to 36.15 ppm and spatial distribution
map for phosphorus content in the soil can be seen in Fig. 11.

(5) Content of Potassium
Potassium is the third nutrient after nitrogen and phosphorus is absorbed by
plants in the form of K ions. Positive charge of the potassium will help
neutralization process the electrical charge which is caused by the negative
charge of Nitrates, Phosphates, or other elements. Potassium which is
changed and absorbed by plants is dependent on the addition of external,
fixation by the land itself and the addition of potassium itself.
Potassium soil is formed from weathering of rocks and minerals which is
containing potassium. Through the process of decomposition of plant
material and micro organisms will dissolve and then potassium back into
the soil. Furthermore most of the potassium soil will be washed or eroded
by soluble and process of loss will be accelerated again by the absorption
process of plants and microorganisms. Some soil types have abundant
potassium content. Potassium in the soil is found in weathered minerals

Fig. 10 Spatial distribution map for the nitrogen content
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and release potassium ions. Adsorption ions on cation exchanged and
absorbed quickly to plants. Organic soils contain a little of potassium.
Potassium content in the soil of coal stockpile area is ranged from 0.19 to
1.28 me/100gr (Fig. 12).

Fig. 11 Spatial distribution map for phosphorus content in the soil

Fig. 12 Spatial distribution map for potassium content
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b. Physical Characteristic of soil

(1) Porosity
Soil porosity is the ratio between the pore volume to the total volume of
land, which shows the combination or arrangement of primary soil parti-
cles (sand, dust, and clay) for the secondary particles called aggregates
[16]. Structure can change the texture effect by showing the relation of air
humidity.
Aeration is one of the factors that determine the growth of plants. Soil
aeration is a result of oxygen enter from the air through the pore spaces in
the soil to the soil water to replace the oxygen which is used by plants and
microorganism in the soil and carbon dioxide which is produce from soil to
the air. Normal soil is soil which contains air and water in the sufficient
quantities, balanced and steady. It is only found in the soil structure of the
pore space, with the same ratio between macro and micro pores will stand
from rain water. Porosity of the soil analysis results separately in the range
23–50 % of stockpile locations and spatial distribution map can be seen in
Fig. 13.

(2) Permeability
Permeability is the ability of the soil to pass water. Soil with high per-
meability can increase the infiltration rate so it will decrease the rate of
water run-off. On soil science, permeability is qualitatively defined as the
reduction of gases, liquids or plant roots penetrate or pass. Soil perme-
ability is a unit that includes soil infiltration and useful in soil treatment.

Fig. 13 Spatial distribution map for soil porosity
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The top layer ranges from slow to moderately fast (0.20–9.46 cm/h), while
in the bottom layer of relatively little slow to moderate (1.10–3.62 cm/h).
Factors which is affecting the permeability is the texture, soil structure and
porosity, viscosity and gravity, while the factors that influenced the per-
meability is drainage, infiltration, percolation, erosion, and evaporation.
The results of soil analysis for permeability shows permeability of soil in
coal stockpile has been rapid and very rapid (3.3–47.26 cm/h). Spatial
distribution map for soil permeability can be seen in Fig. 14.

(3) Soil Texture
Soil texture is relative comparison between particles or fractions of primary
soil, are sand, dust, clay and loam or well known in the field with a sense
of roughness or smoothness of the soil. Particle/soil fraction is: sand
<2–0.05 mm; dust <0.05–0.002 mm; clay <0.002 or <2 mm, which is
known smooth clay <0.2 mm, while for colloidal material <0.001 mm.
When it consists of particles/fraction of sand, dust and clay with the same
ratio/proportional called clay. The smooth clay fraction are consist of
smooth clay and colloidal materials, most of them are leached (leaching) to
the bottom layer. The relation to plant growth, among which are:

(a) If the good soil texture, such as there will be a sandy loam soil it will
happened porosity and aeration which is good, This will facilitate
penetration or permeation of plant root widely.

(b) As the influence of extensive penetration of root, then the plant will
have extensive root zone.

Fig. 14 Spatial distribution map for soil permeability
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(c) The extent of the root zone, will ensure high retrieval (absorption)
nutrient elements of plant in the soil, so the plant will fertile.

(d) The characteristic of good texture, soil structure will determine the
formation of good soil.

(e) Clay content, a measure colloid content of soil. The size of particle
(colloid) will have a surface area and high pore space that also has a
high absorption capacity and exchanging capacity of colloid.
Absorption capability can be used for water and nutrients, so it will
show soil fertility is increase. But if the clay content in the dominant
composition or high or a less than ideal for the cultivation and soil
treatment. High clay content causes percolation, infiltrasi, permeabil-
ity, soil aeration, so makes it difficult to lower water and air circulation.
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Synthesis and Characterization of Calcium
Iodate, Monohydrate Crystals Grown
in Silica Gel

S.J. Shitole

Abstract Simple gel technique was used to grow single crystals of calcium iodate,
monohydrate, by single diffusion method. For the growth of crystals, the optimum
conditions were established. Crystals having different morphologies like prismatic
and prismatic pyramidal were obtained. Few crystals were opaque, some were
translucent and some good quality transparent crystals were obtained. Doping of
Cu+2 and Fe+3 was done, to study the effect on structure, thermal and nonlinear
optical properties. Cell parameters were obtained from the X-ray diffractograms.
Structural analysis was done by using FT-IR spectroscopy. TGA and DTA tech-
niques were used to carry out thermal analysis. Nonlinear optical properties were
studied using SHG measurements.

1 Introduction

The study of growth and characterization of single crystals is receiving increasing
importance due to their various applications in solid-state technology and laser
technology. With the absence of crystals, there would be no electronic industry and
fiber optic communication Growth of crystals by gel method is a promising tech-
nique for growing single crystals of substances which are sparingly soluble in water
and decompose before their melting point [1]. A variety of crystals of high quality
can be grown in a large range of solubility and temperature. In gel growth, crystals
are mostly formed at ambient temperature and hence are free from strain often
present in crystals prepared from melt or vapour. Method is inexpensive and within
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the scope of small laboratories. Large scale movements like convection currents are
almost completely suppressed, which otherwise could be harmful to the quality of
crystal [2–7].

Single crystals of calcium iodate, which is non-centro-symmetric, exhibits
prominent nonlinear optical property, and piezoelectric property [8]. In the present
investigation, Single crystals of calcium iodate, monohydrate were grown by gel
method. Since the compound decomposes before its melting point, conventional
high temperature methods for its growth are not suitable. It is sparingly soluble in
water; hence, gel method is the only alternative technique for growing the crystals
of the size and quality as reported here at ambient temperature.

2 Experimental

To carry single and double diffusion experiments, test tubes and U-tubes were used
as crystallizing vessels. Silica gel is used as growth medium. Acetic acid is used to
acidify the gel. Proper chemical reaction is selected to get the desired product. The
two soluble reactants are diffused into a gel, where they react to form an insoluble
product. Dopants are incorporated either in gel or above the gel along with the
supernatant. Optimum conditions were obtained by varying parameters such as
density of gel, pH of gel, gel aging, concentration of reactants, concentration
programming, concentration and amounts of dopants.

Various concentrations of acetic acid and those of sodium metasilicate were used
to prepare gel. For this purpose, 5cc, 2N acetic acid was taken in a beaker, to which
sodium metasilicate solution having different densities was added drop by drop with
constant stirring by using magnetic stirrer. It avoids premature local gelling. To this
mixture, 5cc of potassium or sodium iodate solution was added with constant
stirring. The pH of the mixture was maintained at 4.2. Experiments were performed
to optimize suitable pH value for growth of good quality crystals. This mixture was
then transferred to the test tube and it was closed with cotton plug. The gel was
allowed to set. It took nearly 12 days for setting. This set gel was aged for 5 days.
Aging helps in nucleation control due to reduction in the diameter of the capillaries
in gel. Calcium chloride or calcium nitrate was used as supernatant. Supernatants
having different molarities were carefully poured over the set gels. Experiments
were also performed by interchanging positions the reactants.

The chemical reactions inside the gel can be expressed as,

XCl2 þ 2YIO3 ! X IO3ð Þ2þ 2YCl; or

X NO3ð Þ2þ 2YIO3 ! X IO3ð Þ2þ 2Y NO3ð Þ2;

where X = Ca and Y = K or Na.
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3 Result and Discussion

Parameters such as gel density, gel setting time, gel aging time, concentration of
reactants, pH of gel, concentration of impurities have considerable effect on growth
of crystals. Crystals having different morphologies were obtained. Prismatic crystals
of size 3 × 2 × 2 mm3 far away from gel interface and prismatic pyramidal crystals
of size 5 × 2 × 2 mm3 away from gel interface were obtained. It was observed that
the number of crystals growing diminished with the increase in the distance from
gel interface. It may be due to reduced rate of diffusion of supernatant. Second
reason may be attributed to the aging of gel, since crystals in this region nucleate in
a comparatively older gel.

High concentration of reactants results into either needle shaped crystals of size
8 × 2 × 2 mm3 or hopper crystals of size 10 × 3 × 2 mm3 near the gel interface. The
reason may be high diffusion gradient near the gel interface. Less concentration of
reactants leads to the formation of platy crystals due to slow diffusion rate and
insufficient supply of reactants. Figure 1 shows few transparent needle shaped
crystals, observed away from gel interface, at somewhat more concentration of
reactants. Figure 2 shows hopper shaped crystals, grown inside the test tube near gel
interface, due to higher concentration of reactants. Figure 3 shows different habits
of calcium iodate crystals.

Color of the colored crystals is due to the inclusion of small amount of impurities
or due to color centers [9]. Dake [10] studied rose red or pinkish variety of massive
quartz. According to him, the color is due to the inclusion of a small amount of salts
of titanium or manganese. Nassau [11] has studied the origin of color in minerals.
He pointed out that color of amethyst, fluorite and smoky quartz is due to color
centers. The effects that the impurities may have on acoustic, electric, magnetic and
optical properties have led to deliberate attempts to include foreign ions in synthetic
crystals [12].

Fig. 1 Needle shaped crystals
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In the present investigation, dopants were incorporated either in gel or along
with supernatant to study the effect of dopants on properties of the grown crystals of
calcium iodate.

Very less amount and low concentration of impurity does not affect the growth
and morphology of the crystals. High concentration of impurity, when added along

Fig. 2 Hopper shaped crystals inside test tube

Fig. 3 Different morphologies of calcium iodate crystals
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with the supernatant over the set gel is unable to penetrate the gel. On the other
hand, an impurity solution, when incorporated in the gel, increases shining and
improves morphology of the crystals. Cu+2 impurity induces light blue color while
Fe+3 impurity induces light brown color in crystals. The effect of dopant on crystal
growth is complicated process. While selecting the dopant, the impurity ion sub-
stitution for Ca+ in crystal structure having smaller ionic radii than Ca+ should be
favored. In this case, the ionic radius of Ca+ is 0.99 Å and that of Fe+3 and Cu+2 is
0.64 and 0.70 Å respectively. Very small amount of incorporation of impurities in
calcium iodate crystals is confirmed by EDAX analysis.

4 Characterization

The characterization forms an indispensable part of the crystal growth activity. The
physical and chemical assessment of a material as can be done in laboratory is
defined as characterization. A crystal is said to be fully characterized when we know
the identity, concentration, and position of all its constituent atoms. Characterization
of the material is concerned with the determination of elemental composition,
identification of crystalline phase, and quantification of impurities. Characterization
of grown crystals involves understanding the relationship between the structure,
perfection and chemical composition of the crystals with their structural, thermal and
optical properties. For this purpose Calcium iodate crystals were characterized by
XRD (X-ray diffractometry), FTIR (Infrared Spectroscopy), and Thermal Analysis
[TGA (Thermo Gravimetric Analysis), DTA (Differential Thermal Analysis)] to
study structure, and SHG Measurements to study NLO property.

4.1 XRD (X-Ray Diffractometry)

X-ray diffraction (XRD) is an excellent analysis technique for identifying unknown
solid materials. The XRD pattern can act as a fingerprint to identify unknown
materials in crystal and semi crystalline samples. The atoms are arranged in a
regular pattern, and there is as smallest volume element, that by repetition in three
dimensions describes the crystal. This smallest volume element is called a unit cell.
The dimensions of the unit cell are described by three axes: a, b, c and the angles
between them alpha, beta and gamma.

X-ray diffractograms were recorded using powder rotation photograph method.
The specifications of diffractometer are, Cukα radiation λ = 1.5418 Å, 2θ
range = 10–90° and scanning speed = 10°/min. Figures 4, 5, and 6 show diffrac-
tograms of undoped, Cu-doped and Fe-doped calcium iodate crystals respectively.

From diffractograms, it is clear that impurities are induced only in certain planes,
but it does not change the structure of crystal. Impurities only cause a slight change
in lattice parameters. Change in volume of unit cell of doped crystals may be
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attributed to ionic radii of doped impurities (Cu+2, Fe+3). These crystals belong to
monoclinic system with a ≠ b ≠ c and α = 90° ≠ β. The calculated values of a, b, c,
and β are in good agreement with the reported ones [13]. The calculated values of
lattice parameters, β, and volume of undoped and doped crystals with respect to
reported values are represented in Table 1.

Fig. 4 X-ray diffractogram of undoped calcium iodate

Fig. 5 X-ray diffractogram of Cu-doped calcium iodate

Fig. 6 X-ray diffractogram of Fe-doped calcium iodate

Table 1 Lattice parameters of calcium iodate, monohydrate

Lattice
parameters

Undoped
reported

Undoped
observed

Cu-doped
(observed)

Fe-doped
(observed)

a Å 8.509 8.494 (1) 8.543 (7) 8.554 (4)

b Å 10.027 10.033 (2) 10.136 (7) 10.049 (2)

c Å 7.512 7.512 (2) 7.549 (6) 7.501 (3)

β° 95.27 95.00 94.00 95.00

V(Å)3 638.213 637.457 651.673 642.349
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4.2 FTIR Characterization

FTIR is an important technique for identification and characterization of a sub-
stance. Infrared Spectroscopy gives information on the vibrational and rotational
modes of motion of a molecule.

In order for a vibrational mode in a molecule to be “IR active,” it must be
associated with changes in the dipole. A permanent dipole is not necessary, as the
rule requires only a change in dipole moment. A molecule can vibrate in many
ways, and each way is called a vibration mode. For molecules with N atoms in
them, linear molecules have 3N − 5 degrees of vibrational modes, whereas non-
linear molecules have 3N − 6 degrees of vibrational modes, also called vibrational
degrees of freedom.

Simple diatomic molecules have only one bond and only one vibrational band. If
the molecule is symmetrical, the band is not observed in the IR spectrum, but only
in the Raman spectrum. Asymmetrical diatomic molecules, absorb in the IR
spectrum. More complex molecules have many bonds, and their vibrational spectra
are correspondingly more complex.

FT-IR spectra of undoped and doped iodate crystals were scanned by using
FT-IR spectrophotometer, Spectrum–2000, Perkin–Elmer model by placing sample
KBr pellet in the sample beam in two ranges, 300–710 and 400–4,000 cm−1. FT-IR
spectra of undoped, Cu-doped, and Fe-doped calcium iodate crystals represented in
Figs. 7, 8 and 9 respectively.

Fig. 8 FT-IR spectra of Cu-doped calcium iodate in the range 4,000–400 and 710–300 cm−1

Fig. 7 FT-IR spectra of undoped calcium iodate in the range 4,000–400 and 710–300 cm−1

Synthesis and Characterization of Calcium Iodate, Monohydrate … 251



Fundamental frequencies of the pyramidal iodate ions as have been reported
earlier by Nassau et al. [14], Dasent and Waddington [15], Balicheva and Petrova
[16], Niquist and Kagal [17] Rocchiccioli [18], Dratovsky and Pacesova [19], and
Nakamoto [20] are in good agreement with the observed values in the present
investigation. Vibrational frequencies of undoped, Cu-doped, and Fe-doped cal-
cium iodate crystals are given in Table 2.

4.3 Thermal Analysis

Thermal studies were carried doped out using Mettler Toledo Star system. Definite
amount of sample was taken and heating was carried out from ambient to 900 °C
for TGA and DTA at the rate of 5 °C/min in an air medium. Figure 10 shows TGA
curve and Fig. 11 shows DTA curve of undoped calcium iodate. Figure 12 shows
TGA curve and Fig. 13 shows DTA curve of Cu-doped calcium iodate. Figure 14
shows TGA curve and Fig. 15 shows DTA curve of Fe-doped calcium iodate
crystals, respectively.

These crystals exhibit three steps explicitly. Table 3 shows kinetic data from
TGA of these crystals. Results obtained are in good agreement with the reported
one [21]. The compound is stable up to 220 °C. The weight loss begins at 220 °C.
There is 3.2 % weight loss in the temperature range 220–280 °C. This is the first
step and is suggestive of loss of one water molecule from the crystal. This water
loss step is not very sharp but extends over a wide temperature range of about 60 °C

Fig. 9 FT-IR spectra of Fe-doped calcium iodate in the range 4,000–400 and 710–300 cm−1

Table 2 Vibrational frequencies of undoped, Cu-doped, and Fe-doped calcium iodate crystals

Fundamental frequencies Undoped
(cm−1)

Cu-doped
(cm−1)

Fe-doped
(cm−1)

Symmetric stretching frequency, γ1 759.15 759.15 759.15

Symmetric bending frequency, γ2 396.77 396.74 396.72

Asymmetric stretching frequency, γ3 818.83 815.86 818.85

Asymmetric bending frequency, γ4 335.04 335.47 335.15
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Fig. 10 TGA curve of undoped calcium iodate

Fig. 11 DTA curve of undoped calcium iodate

Fig. 12 TGA curve of Cu-doped calcium iodate

Fig. 13 DTA curve of Cu-doped calcium iodate

Fig. 14 TGA curve of Fe-doped calcium iodate
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and indicates that lattice water is strongly hydrogen bonded with iodate group,
showing that calcium iodate crystals are monohydrated.

For Cu-doped and Fe-doped calcium iodate crystals, almost similar results are
obtained with slight changes in the temperature range of decomposition reactions
and values of % weight loss. Thus doping has no effect on the structure of crystal.
Kinetic data from dynamic TGA of undoped, Cu-doped, and Fe-doped calcium
iodate is shown in Table 3.

4.4 Powder SHG Measurements

Powder SHG technique [22, 23] makes it possible to predict the magnitude of the
nonlinear coefficients of the powder samples in a very simple manner, should
provide a substantial increase in the number of new materials for use in nonlinear
optic applications.

In SHG, an optical beam of frequency 2ω can be generated from the interaction
of a high power laser beam of frequency ω with a suitable material either in the
form of crystal or powder sample. It cannot occur in isotropic medium or in cen-
trosymmetric crystals. Hence, a noncentrosymmetric crystal is a must to get SHG
[24– 26].

Fig. 15 DTA curve of Fe-doped calcium iodate

Table 3 Kinetic data from dynamic TGA of undoped, Cu-doped, and Fe-doped calcium iodate

Compound Step Temperature
range (℃)

% weight
loss

Probable product
formed (solid)

Undoped calcium iodate,
monohydrate

I 220–280 3.2 Ca(IO3)2
II 580–640 58 Ca5(IO6)2
III 750–800 18 Ca5(IO4)2

Cu-doped calcium iodate,
monohydrate

I 240–280 2 Ca(IO3)2
II 450–600 60 Ca5(IO6)2
III 720–750 18 Ca5(IO4)2

Fe-doped calcium iodate,
monohydrate

I 220–270 3.2 Ca(IO3)2
II 500–620 58 Ca5(IO6)2
III 750–780 18 Ca5(IO4)2
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For performing experiments, sample plates were prepared from powder samples
of KDP, undoped, Cu-doped, and Fe-doped calcium iodate. All the samples were
sieved by a 75 μm sieve, in order to maintain uniform particle size. Each sample
plate was placed in front of Nd: YAG laser beam. Before sample plate, beam
splitter splitted the input signal into reference signal, collected by photo detector
and second signal on sample plate, which in turn generated second harmonic signal.
Reference signal and second harmonic signal were both applied to digital storage
oscilloscope. V(ω) of reference signal and V(2ω) of SHG signal were recorded as a
function of arc lamp voltage. Conversion efficiency was calculated by taking ratio V
(ω)/V(2ω). Graphs of arc lamp voltage versus conversion efficiency were plotted
and tan θ has been found. Nonlinear coefficients were calculated by using the
relation,

d2 known=d2 unknown ¼ tan h known=tan h unknown

where,
d known nonlinear coefficient of KDP
d unknown nonlinear coefficient of the sample under test, to be found out
tan θ known slope of graph of arc lamp voltage versus conversion efficiency of

reference sample (KDP)
tan θ unknown slope of graph of arc lamp voltage versus conversion efficiency of

sample under test.

Table 4 gives the results of calculations of nonlinear coefficients (d’s). Cu and Fe
doped samples of calcium iodate do not show any nonlinear property. Output from
these sample plates was completely stopped.

5 Conclusions

Gel technique can be successfully employed for the growth of calcium iodate
crystals In case of gel method, various habits can be obtained by changing various
parameters. Well known Liesegang phenomenon has been observed in case of
calcium iodate crystals. Calcium iodate crystals exhibit the phenomenon of efflo-
rescence. Suitable value of pH for calcium iodate crystals is 4.2. Doping of
impurities has no significant effect on the morphology of crystals. XRD results
match very well with the standard JCPDS data. Dopants have been incorporated

Table 4 Nonlinear coefficients of KDP and undoped calcium iodate crystals

Substance Nonlinear coefficient (d’s) m/v

KDP 6.3

Undoped calcium iodate 1.2535
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only in certain planes. No major changes in structure have been observed. IR
analysis confirms the presence of fundamental IR frequencies observed in all iodate
compounds. Thermal analysis exhibits three steps explicitly on heating the samples.
The first step involves dehydration at 250 °C, second step shows decomposition at
580 °C, and the third step involves again decomposition at 640 °C. Powder second
harmonic generation experiments exhibit the nonlinear nature of the substance. But
the intensity of SHG is very small. Cu+2 and Fe+3 doped samples have negative
effect on SHG property. These samples do not show nonlinear effect.
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Reduction of Power Consumption
for Centrifugation Process Using
Separation Efficiency Model

M.S. Salim, M.F. Abd Malek and Naseer Sabri

Abstract The power consumption, capacity, speed of rotation, separation precision
and the centrifugation time are essential technical parameters of the centrifuge
device, and hence their reliability may affect the system reliability and productivity.
The modified period of velocity profile model (spinning period) which leads to
decreasing the power consumption of laboratory centrifuge devices is derived.
Based on the centrifugation time model, a fuzzy controller is proposed for the
laboratory centrifuge device. The proposed controller design will produce high
reliability by selecting various separation efficiencies, evaluating the separation
efficiency period precisely, and reduction of separation power consumption. Based
on the derived model, a low-cost controller modification leads to a shorter blood
test time and lower power consumption while improving the separation efficiency to
greater than 95 %.

1 Introduction

The centrifugal devices can use in a variety of medical and industrial applications.
Typically, the power consumption, capacity, speed of rotation, separation precision
and the centrifugation time are essential technical parameters of the centrifuge
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device, and hence their reliability may affect the system reliability and productivity.
For this reason, centrifugation process is often obeying to developments and
improvements continuously.

Continuing from our previous research [1], we derived a modified period of
velocity profile model (spinning period) which leads to decreasing the power
consumption of laboratory centrifuge devices. The new model has ability to esti-
mate the power consumed for pre-defined separation efficiency.

Laboratory diagnosis of blood depends on separation efficiency which is done by
means of centrifugal force and the spinning time for the blood sample. The current
method of separating contents of a blood sample is not accurate in terms of cen-
trifugation force and time. These variables are evaluated based on sedimentation
theory, which calculates the sedimentation time based on higher particle density
(red blood cells) and depth of sedimentation [2]. Therefore, about 0.5 ml volume of
a 1 ml blood sample, the current centrifugation time is 5 min (also as recommended
by the centrifuge device recommended manufacturer). To minimize or eliminate
such uncertainties (due to damage of some red blood cells) from the process, we
have developed a new technique that accurately predicts the required time for the
separation then control the velocity profile period of centrifuge device. This tech-
nique is based on measuring the attenuation of the wave propagated through liquid
its density varies with time of spinning [3, 4]. Separation efficiency of blood and
plasma is evaluated empirically by percentage count for the red blood cells, white
blood cells, HCT, and platelets in a sample using blood analyzer device (cell-dyne
1800). Experimental data was used to calculate the power consumption during the
time taken for accurate separation. The schematic diagram of experimental atten-
uation measurements is shown in Fig. 1. Human blood was drawn from 84 healthy

Fig. 1 Schematic diagram of experimental apparatus
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volunteers, 23 women and 61 men; their HCT values ranged from 21 to 53.7 %; age
range, 21–50 years. Samples of plasma were prepared using a serum separator tube
(EDTA (K2); Demophorius Ltd, Cyprus, EU, UK). This method can also be applied
to other purpose of centrifugal device, such as measurements of solid contents in
liquid and sedimentation measurements [5]. Since the installation of additional
measurement sensors may be costly and the sensors can also reduce the device
reliability, they are not always the most cost-effective solution for the separation
percentage monitoring of a centrifuge device. For this reason, the centrifuge
velocity profile controller must be modified according to new mathematical model.

Based on the centrifugation time model, a fuzzy controller is proposed for the
laboratory centrifuge device, Fig. 2. The proposed controller design is based on the
separation efficiency and maximum spinning speed, which will produce high reli-
ability by selecting various separation efficiencies, evaluating the separation effi-
ciency period precisely, and reduction of separation power consumption. The
design of the proposed fuzzy controller is divided into two parts, the linear velocity
profile generator and the fuzzy logic controller, as illustrated in greater detail in the
following sections.

2 Separation Efficiency

The various organs, tissues and cells throughout the body require oxygen from the
blood. Other bodily elements also require carbon dioxide, which also depends on the
cycling of blood effective techniques for separating; concentrating and accumulating

Fig. 2 Schematic diagram of proposed intelligent centrifugation fuzzy logic controller

Reduction of Power Consumption for Centrifugation Process … 261



one or more of the components of blood will improve our ability to understand the
properties of blood ascertain the state of an individual’s health and treat bodily
diseases. Therefore, accuracy in separating blood-plasma has advantages in various
fields of scientific research, diagnostic testing and therapeutic treatment [6].

The separation efficiency Se is a key factor for evaluating the performance of
blood-plasma separation. It can be defined as

Se ¼ CB � CP

CB
� 100% ð1Þ

where CB is the cell concentration in the blood sample, and CP is the cell con-
centration in the plasma, which is generated by the centrifugation process. For
CP = 0, the optimum separation process for plasma is present (Se = 100 %). In next
sections, a relationship between power consumption of centrifuge device, separa-
tion period and separation efficiency are derived.

3 Linear Velocity Profile Generator

The proposed centrifugation velocity profile controller was designed based on the
optimisation spinning time model. This model calculates the spinning time as a
function of the separation efficiency. The mathematical model for the optimisation
of the centrifugation time includes the acceleration and deceleration period because
the blood sample is subjected to accelerated centrifugal force during the accelera-
tion period and vice versa for the deceleration period [7].

These forces contribute the main centrifugal force (at 3,000 rpm) to separate the
blood cells from the plasma. The need for a long acceleration and deceleration
period (approximately 13 s) is observed because the blood cells encounter a high
centrifugal force, which may cause damage. Therefore, to prevent this problem, the
centrifugation speed gradually increases until it reaches a maximum (long settling
time). The current periods of acceleration and deceleration are identical and equal to
13.6 s as a rapid mode operation. For this reason, as shown in Fig. 2, the FLC
design begins with a ramp (linear) velocity profile generator, which is fed by the
required spinning speed and separation efficiency percentage value. This generator
consists of a Separation Efficiency (Se) to Separation Period converter, a timer, an
initial condition function and a speed limiter [8–10].

4 Experimental Setup

The Mathematical Model of the shorter separation process time and the separation
efficiency greater than 95 % of 0.35 ml plasma, evaluated based on the mathematical
model of ultrasound attenuationmeasurements in our previous research [1]. Utilize of
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attenuation measurements of wave propagate through a sample of blood during
centrifugation process, is to calculate the separation efficiency of blood-plasma. In
this research we divided the mathematical model into two models, first is the time
duration of centrifugation as a function of separation efficiency model, while the
second model is device power consumption as a function of time duration centri-
fugation technique, Fig. 3 summarize the derivative power consumption model.

The tools used in the experimental setup, as shown schematically in Fig. 1,
consisted of a blood tube, the ultrasound pulser, Gampt–Echo Scan as a receiver,
switch, and software analysis, while Fig. 4 shows the experimental procedure steps
for evaluate the mathematical model. The transducer with center frequencies of
2 MHz was attached to the outside of the vessel. In the attenuation measurements
reported here, data was obtained for the 2 MHz transducer, which gave the required
detection depth and sufficient level of clarity of the separation efficiency mea-
surements of the blood plasma. Table 1 was filled follow same procedure men-
tioned in our previous research for evaluating the optimization time for
centrifugation process. Therefore the two part of mathematical model can be
derived.

5 Centrifugation Period Model

The Separation Efficiency to Separation Period block is programmed with a Matlab
package based on the optimisation centrifugation time model, which evaluates the
time period required to achieve the predefined separation efficiency. The rest time in
the velocity profile is determined by the time optimisation model (2) as a constant
speed period. Figure 5 shows the velocity profile for 20 % separation efficiency,
where the total period (T) of 20 % separation is approximately 55 s, calculated
using (2) [11].

T ¼ tc þ tACC þ tDec
T ¼ 0:0324Se � 0:194ð Þ þ tAcc þ tDec

ð2Þ

Fig. 3 Centrifugation power consumption model derivative sequence
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6 Centrifugation Power Consumption Model

Power consumption is one of the most important measurement parameters for the
design of a successful controller. The power consumption of the proposed con-
troller can be evaluated based on the operation period of the centrifuge device.

Fig. 4 Experimental procedure sequence for one blood sample test (a), Before centrifugation
process, and after spinning operation (b)
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As mentioned in the previous section, the constant speed period (tc) is limited by
the separation efficiency value in (1). In addition, using rapid mode, the acceleration
and deceleration periods are equal to 13.6 s. Therefore, the total spinning time
changes based on predefined separation efficiency (tc). Figure 6 shows the spinning
period for various separation efficiencies. According to the experimental results, to
obtain a volume of 0.35 ml with greater than 95 % plasma concentration, the
appropriate time is 3 min. Therefore, the total centrifugation time is a 3.45 min. The
electrical power consumption can be easily calculated using the following formula:

TPCðkWhÞ ¼ DPCðkWÞ � OtðhÞ ð3Þ

Table 1 Evaluation of the attenuation, separation efficiency and power consumption for a discrete
5-min interval using a 180 W centrifuge device

Number of
operation

Constant
speed
period
(min)

Total
spinning
period
(min)

Attenuation
(dB/cm)

Plasma
separation
efficiency (%)

Power
consumption
(kW h)

1 0.5 0.953 −0.0257 20 0.002859

1 1 1.453 −0.0662 35 0.004359

1 1.5 1.953 −0.1202 55 0.005859

1 2 2.453 −0.1607 70 0.007359

1 2.5 2.953 −0.2012 85 0.008859

1 3 3.453 −0.2282 95 0.010359

Fig. 5 Time period of linear velocity profile for 20 % separation efficiency
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where TPC is the total power consumption, DPC is the device power consumption
and Ot is the operation time period which can be formulate as:

Ot ¼ T ¼ 0:0324Se � 0:194ð Þ þ tAcc þ tDec ð4Þ

Thus, the power consumption can be rearranged as function of separation
efficiency;

TPC kWhð Þ ¼ DPC kWhð Þ � 0:0324Se � 0:194ð Þ þ tAcc þ tDec ð5Þ

The power of the laboratory centrifuge device (Kubota corporation model 2420)
used is 180 W. An evaluation of the separation efficiency and power consumption
over a 5-min interval using a 180-W centrifuge device is shown in Table 1. The
classical spinning time required to separate 0.35 ml of plasma from 1 ml blood with
a separation efficiency greater than 95 % is 5 min according to the manufacturer’s
recommendations, while for proposed method, the time is 3.453 min, as shown in
Fig. 6 [12].

Fig. 6 Linear velocity profile period based on 20, 35, 55 and 95 % separation efficiency (Se) using
the proposed and classical methods
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Table 2 Monthly electrical power consumption for a 180 W centrifuge device

Method
type

Plasma separa-
tion efficiency
(%)

Total spinning
time tc þ 2TAcc

Pc* for 100 time operat-
ing device daily (kW h)

Monthly
PC*
(kW h)

Classical 100 5 + 2 × 0.226 1.6359 49.077

Proposed 95–100 3 + 2 × 0.226 1.0359 31.077

PC* is power consumption
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7 Conclusions

Based on the mathematical model of the optimisation time for the centrifugation
process, a mathematical of centrifugation process power consumption is derived.
The centrifugation speed profile is linear, and it consists of the acceleration and
deceleration period because the blood sample is subjected to an accelerated cen-
trifugal force during the acceleration and deceleration period. These forces con-
tribute the primary centrifugal force (at 3,000 rpm) for the precipitation of blood
cells from plasma. Based on the derived model, a low-cost controller modification
leads to a shorter blood test time and lower power consumption while improving
the separation efficiency to greater than 95 %. In addition, increases the reliability of
the centrifuge device for estimating the centrifugation period for predefined sepa-
ration efficiency.

The relationships between the power consumption of the device and the cen-
trifugation time and the plasma separation efficiency are linear, as shown in Figs. 7
and 8, respectively. As a result, the power consumption relative to the specific
separation efficiency for any centrifuge device wattage can be estimated. The
mathematical model of the centrifugation time derived based on attenuation mea-
surements successfully conserved 18 kWh monthly when the device is used 100
times daily, Table 2. Figure 9 shows that the difference in the power consumption
of the classical and proposed controller increases with the time of operation of the
device per day in addition to the wattage of the device itself.

Additionally, the power consumption of a 180-W centrifuge device using the
proposed controller is approximately equal to that of a 300-W centrifuge device
using a classical controller.
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AWide RangeMeasurement andDisclosure
of Ultrasonic Attenuation for Very Low
Concentrations of Solid in Liquids Using
Exponential Pulser Technique

M.S. Salim, M.F. Abd Malek and Naseer Sabri

Abstract The low solid concentrations in solutions are discovered and measured
based on measurement the attenuation that occurs with a wave propagating through
a fluid. Currently methods (Pitch-Catch, Pulse-echo and Immersion method) have
some of weak points related with range of detection and power consumption,
therefore, to increase the measuring range to include the detection of very low
concentrations in solution as well as not relying on the material that the container is
made of, a new technique for the pulser was designed to overcome the disadvan-
tages of the three currently methods. This technique has been thoroughly applied to
dispensing with the use of a container or reflector with a high reflection coefficient
and Expanding the measuring range to include very low concentrations. The new
technique demonstrates the system’s ability to distinguish the presence of particles
in a fluid at a concentration lower than 10 %, which is below the limit of detection
of the current method with the same device settings.

1 Introduction

To study the characteristics of fluids many researchers use common methods to
measure the attenuation that occurs with a wave propagating through a fluid.

Frequently used containers or reflectors with a high reflection coefficient (H.R.
C.), where the benefit of this material lies in strengthening the reflected signal to the
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transducer or to generate multi echoes. Figure 1 show some of these methods which
are currently used in the study of the characteristics of fluids or detecting small solid
concentrations suspended in the fluid. Greenwood et al. used a container made of
stainless steel to detect small concentrations of solids in a liquid using a pitch-catch
method. The reason for using stainless steel is that it generates several feedback
signals (echoes) resulting from transmitting a single pulse, as shown in Fig. 1a
using a stainless steel container successfully to measure a concentration of less than
5 % silica (hereinafter referred to as method A) [3].

Secomski et al. developed a clinical method for noninvasive acoustic determi-
nation of hematocrit values in vivo. The value of hematocrit was determined ini-
tially in vitro from the pulse-echo measurements of acoustic attenuation. The
attenuation was determined from the amplitude of echoes reflected from 3 mm
diameter stainless steel affixed inside a wall opposite a transducer as shown in
Fig. 1b. Using this method, we can increase the sensing of the reflected signal from
the reflector which is used here to study the increase in liquid characteristics
(hereinafter referred to as method B) [9]. In another method called the immersion
method, it was used to immerse the transmitter and receiver in the liquid. This
method does not require the use of a container with a high reflection coefficient,
because of the direct measurement of the received signal from the transmitter as
shown in Fig. 1c (hereinafter referred to as method C) [2, 10].

To sum up the aforementioned methods, the three methods have advantages and
disadvantages. However, method A was useful in the accurate detection of small
concentrations and also consumed little power; however, these features are satisfied
based on using a container made of a high reflection coefficient (H.R.C.) material.
MethodsB, andCboth used the same average transmitted power to detect very specific
concentrations (as revealed concentrations depend on the power of the transmitted
pulse); in addition method C depends on what the reflector material is made of.

In order to increase the measuring range to include the detection of very low
concentrations in solution as well as not relying on the material that the container is
made of, a new method was designed to overcome the disadvantages of the three
abovementioned methods and continues to give accuracy and a wide measurement
range. This new method, named Pulse Power Decay (PPD) technique (Exponential
power pulser), has been thoroughly applied to the following:

Fig. 1 Experimental method of fluid characteristics measurements and solid concentration content
in liquid detection using a pitch-catch method, b pulse-echo method, and c immersion method
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• Dispensing with the use of a container or reflector with a high reflection coef-
ficient (treatment method A and B).

• Expanding the measuring range to include very low concentrations (treatment
method B and C).

Table 1 shows a comparison between currently three methods and the proposed
method (PPD). Figure 2 illustrates the principle operations of the three mentioned
methods and the proposed method. This new technique was tested using two
containers made of stainless steel and Plexiglas, both containers filled in water and
5, 10, 20, 30, and 40 % Kaolin. Subsequent sections will give a detailed explanation
of the new technology followed by a practical application.

2 Ultrasonic Pulser Design

The Power-Pulse Decay device (PPD) is a new technique that generates multi-decay
power pulses. As mentioned above, the purpose of transmitting decay power pulses
through a solution is to detect and measure various the concentrations of various
particles.

A block diagram of the proposed ultrasonic pulser system (PPD) is shown in
Fig. 3a. The PPD device consists of six hardware parts, panel control software, an
I/O serial interface, the main controller, a high DC power supply, a pulse generator

Fig. 2 Principles operation of A, B, C, and PPD method
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and a solid-state switch. The transducer is driven by pulses from the decay power
pulse generator, which delivers sets of high-voltage bipolar pulses. The advantage
of using bipolar pulses is that the peak-to-peak pulse voltage can measure twice the
voltage rating of the coaxial cable connecting the pulser and the transducer [11].

In addition, a bipolar pulse has a lower undesirable DC and a low-frequency
component that may increase the leakage current compared to its unipolar coun-
terpart. As a result, the size and cost of the cable can be substantially reduced,
especially when a multi-element transducer array is used. The amplitude of the
pulses in one set is determined by the output voltage of the high DC power supply,
which converts the battery voltage of 12 V to ±20–75 VDC [1].

Fig. 3 A block diagram of the pulse-power decay ultrasonic pulser system (a), types of pulser sets
mode (b)
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The amplitude of the received signal can be improved by increasing the pulse
train amplitude, using a container with a low reflection coefficient and by driving
the transducer at its resonance frequency. The frequency of the set pulses can be
generated either by a programmable oscillator or by an external clock in which both
methods are controlled by the main controller via control panel software. The pulse
frequency, decay power factor, set size, time interval, set mode and start amplitude
are programmed by the main controller with software control implemented by
Visual Basic (Microsoft Inc.) [4].

Five modes of the pulse set are available with the PPD device; in the case of mode
one, the pulse set transmits one pulse with the proper decay amplitude during one time
interval, as shown in Fig. 3b. The schematic of the PPD device is shown in Fig. 3.

For the proposed technique with any experimental setup, the transducer records
only the first individual signal (first echo), which corresponds to travel through the
liquid. The first echo is the signal of interest (IS), and it occurs at the shortest time.
To evaluate the performance of the PPD technique, a laboratory experiment in an
industrial application field was conducted to detect and measure the concentration
of kaolin in water. After verification of the performance of the PPD, this technique
was adopted in our research. To obtain the attenuation measurements as a function
of the frequency, the Fast Fourier transform (FFT) of the signal of the peak of
interest (IS) for each pulse in the set was obtained for water as a reference and for
the slurry [5, 8].

The data were obtained in ten steps, using the appropriate decay factor for the
transmitted pulses and the receiver gains. Overlapping signals of interest (IS) were
used to determine the effect of changing the amplitude of the pulse travelling
through the slurry, and the data were normalised to a pulser voltage of ±75 V.
Additionally, the data were corrected for the receiver gain. The results of the FFT
analysis of the echoes were evaluated for water, and 10 % kaolin, Table 2.

3 Validation of PPD Design

The new PPD technique can be adaptive with wide application fields. In this
research, the objective of the experiments was to evaluate the performance of PPD
technique to gather ultrasound measurements for different percentages of solid
concentrations in liquid. Invasive measurement is the most direct method of

Table 2 One set size 10, FFT
amplitude of IS for tap-water
and 10 % kaolin at 2 MHz

Pulse
no.

Tape-water, FFT
amplitude at 2 MHz

10 % kaolin, FFT
amplitude at 2 MHz

1 3.51 3.262

3 2.089 1.558

5 1.243 0.758

7 0.863 0.505

10 0.425 0.208

276 M.S. Salim et al.



achieving an accurate measurement. Hence, this method was used for all the
experiments carried out for this paper. Using the assumption that 1 ml of tap water
equals 1 g in weight, kaolin was mixed with tap water in concentrations of 10, 20,
30 and 40 % to create the different sets of slurries. These concentrations were
measured by the weight of kaolin and tap water.

The vessel, shown schematically in Fig. 4, consists of a Plexiglas container and
two transducers with a centre frequency of 2 MHz affixed to the outside of the
container on opposite sides, using a pitch-catch method. The vessel walls have a
thickness w of 3.2 mm and the inside walls are separated by a distance D of 4 cm.
The temperature, measured by temperature sensor (LM35), is recorded. For sim-
plicity, the temperatures for all the experiments were kept at room temperature
(20 °C), between ±1 °C [10]. When the vessel is filled with water, less than 10 % of
the ultrasound is reflected at the Plexiglas-water interface and the rest is transmitted
into the water. At the opposite wall, 91 % is reflected at the water-Plexiglas
interface. With the pitch-catch mode operating, the receive transducer records only
the first individual signal, as it corresponds to travelling through the slurry. The
“signal of interest” (IS) occurs at the shortest time and the path length for the Nth IS
(for example the interest received signal of the fifth pulse of set) in the pitch-catch
mode is (2wþ Dþ v� T), where v is the speed of sound through material and T is
the total time delay of Nth pulse; and calculated using (1):

T ¼ ðN � 1ÞðtS þ tÞ ð1Þ

where the ts is the pulse spacing time and t is the bipolar pulse width. To obtain
attenuation measurements as a function of frequency, the fast Fourier transform
(FFT) of the peak of data were corrected for the receiver gain. The results of the FFT
analysis of the “peak of interest” are shown for water, 10 %, and 40 % kaolin, Fig. 5.
The effects of attenuation for water are clearly observed as the peak amplitude shifts
to a smaller frequency as the IS number increases, as shown in Fig. 6.

Fig. 4 Sketch experimental setup
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Fig. 5 FFT amplitude for one transmitted set size 10, propagated through water (as reference
data), and test 10 % kaolin, and 40 % kaolin

Fig. 6 FFT amplitude
comparison of 10th interest
signal received for reference
data (water) and test data 10,
20, 30, and 40 %
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4 Discussion

Data similar to were obtained for the kaolin slurries of 10, 20, 30, and 40 % kaolin
by weight. The attenuation due to the 10 % kaolin slurry can be observed in Table 1
by the increasing separation between the FFT amplitudes for water and the slurry.
The data for kaolin slurry 10 % wt concentration were compared with that for water
by evaluating the natural logarithm of the ratio (FFT amplitude slurry/FFT
amplitude water) for a specified frequency (2 MHz). The data exhibit straight lines
and the interest signal (IS) for each set pulse was obtained for water and for the
slurry. The data were obtained in ten steps, using appropriate decay factor for the
transmitted pulses and the receiver gains. Overlapping interest signals (IS) were
used to determine the effect of changing the pulser voltage travelling through slurry,
and the data were normalized to a pulser voltage of ±75 V. Additionally, the slopes
(S) were obtained. The lower pulses-power such as 40, 35, 30 V greatly affected by
low concentrations of slurry than the higher pulse power for one transmitted set as
shown in Fig. 3b. For example, the received pulse number 10 has 0.425 V while the
amplitude of same pulse travelled through 10 % kaolin was 0.208 V (Table 1);
therefore, to detect low concentrations with a long range of measurement, the set
size should be increased (i.e., decreasing the decay factor leads to incremental
increases in the amount of pulsed-power decay). Decreasing the decay factor leads
to an increase in the number of pulses in one transmitted set and causes more
generated lower-power pulses; this increase is limited by the high voltage supply.
Due to the attenuation of the ultrasound waves propagated through slurry, the
relationship between kaolin concentration and the attenuation was determined. The
attenuation (α) was calculated using (3) [2].

a ¼ �20
D

log10 e
S ð2Þ

For a given frequency, a plot of the attenuation (α) versus the kaolin weight
percentage (w) displays a straight line, Fig. 7, as expected. For example, when the

y = 0.0002 w+ 0.2647
R² = 0.9986
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values of the attenuation at 2 MHz are extracted from Fig. 7, such a plot shows the
following linear relationship:

a ¼ 0:0002wþ 0:2647 ð3Þ

where the slope has units of dB/cm wt%. Table 3 illustrates the differences between
a commercial pulser and the PPD technique.

5 Conclusion

In this research, we developed a self-contained prototype of an ultrasonic decay
power pulser system for the detection and measurement of the particle concentra-
tion in a fluid. The new technique demonstrates the system’s ability to distinguish
the presence of particles in a fluid at a concentration lower than 10 %, which is
below the limit of detection of the current method with the same device settings.

The PPD ultrasound system that we built generates a multi-pulsed powered
decay train for transducer excitation instead of a single negative pulse, which is
used in the current pulser. The PPD also delivers variable transmitted ultrasound
energy that will increase the level of the received signal interest for SNR
improvement, and the accuracy of the concentration measurement is increased. The
number of pulses per transmitted set is determined by the user based on the con-
centration detection level that is required. Although the pulser can generate pulse
amplitude up to 75 V, we found that a pulse set with a set size of 10 and initial
amplitude of 75 V was sufficient to distinguish the presence of particles in a fluid at
a concentration of less than 10 %. The detection of concentration can be improved
by increasing the set size, the pulse amplitude that was optimised in this study and
the gain of the interest signal amplifier and by optimising the filter’s receiver
parameters. The interest signal (IS) was digitised and analysed by an ultrasound
A-Scan device. The experimental results for the measurement of kaolin concen-
tration based on the PPD technique are shown in Table 3. It can be clearly observed
that the lower-order amplitude pulses are more attenuated than the first-order pulses
(higher power pulses). For example, the echo of the tenth pulse is 0.425 and 0.281
V through water and water 10 % kaolin, respectively, while the echo for first pulse

Table 3 The detection comprise between commercial and proposed technique for 10 % kaolin

Set
pulse
no.

Amplitude of
commercial
pulser (V)

Amplitude
of PPD
pulser (V)

Tap water FFT
amplitude of

10 % kaolin FFT
amplitude of

Commercial
pulses

PPD
pulses

Commercial
pulses

PPD
pulses

1 75 75 3.51 3.51 3.496 3.494

5 75 55 3.51 1.243 3.496 1.05

10 75 30 3.51 0.425 3.496 0.281
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is 3.51 and 3.494 V. The new technique exhibited high performance as an instru-
ment for measuring the percentage of sedimentation [6, 7], and it is applicable with
all container materials. The amount of ultrasound energy received by the transducer
can be increased using a transducer with a larger area or by adjusting the position of
the transducer and the angle so that the maximum IS amplitude is sensed. The
comparison results reveal that the PPD technique is more efficient than the classical
technique for the pulser, especially for the detection of very low concentrations
(5 %) of particles in a fluid.
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Wireless Sensor Network Wave
Propagation in Vegetation

Naseer Sabri, S.A. Aljunid, M.S. Salim, S. Fouad and R. Kamaruddin

Abstract The Wireless Sensor Network (WSN) total path losses of a greenhouse
based on the two popular empirical vegetation attenuation models are used to
predict the connectivity and the maximum coverage of wireless nodes within the
communication path. The foliage imposed effect on the propagating waves is
examined, simulated and the total path losses concluded as a function of antenna
height and a separation distance of WSN nodes in a field of various densities of
vegetation inside a greenhouse. The implemented library of foliage propagation
model can be embedded easily with other WSN simulator platforms. The best
antennas height based on greenhouse environment and total path loss is shown to be
with the 3.5 m and 1 m height for transceivers of main and end nodes, where less
total path loss is obtained and perfect connectivity of (100 %) when used with MED
vegetation models for all vegetation depths, less than 50 m, while ITU model shows
perfect connectivity for same height combination but with less foliage depth of
40 m while it shows 88 % connectivity for higher foliage depth than 40 m.

1 Introduction

Wave propagation analysis based on environmental modeling provides a good
initial estimate of the signal characteristics. The ability to have an accurate pre-
diction of radio propagation behavior of a wireless communication system, such as
wireless sensor network, is becoming crucial to design scheme of a system where
radio wave propagation throughout a foliage medium induces an additional excess
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loss on the propagating components such as direct and reflected waves. Therefore,
to provide reliable and enhance network coverage and connectivity of WSN, a
precise study and modeling of these effects must be achieved with adequate pre-
diction of the propagation losses [1, 2, 3].

Most of the radio propagation channel models, in a simulation environment,
assume an obstacle free propagation channel, and hence, a clear direct path exists
between the communication nodes. Thus, in a simulation environment, the per-
formance of wireless communication system is estimated based on those models
and the results produced often poorly reflect the real scenario, such as plantation
area, in which the presence of vegetation significantly affects the communication
between network nodes. As recommended by Meng et al. [4], for short range near
ground plantation environment, propagation loss is modeled by an integration of the
foliage imposed effect and the effect from the radio wave reflections from the
ground and possibly tree canopy. There are different vegetation propagation models
reported in published literature [3, 5, 6] and these models are verified by numerous
experimental studies in Savage et al. [7], Meng et al. [4], Morataitis et al. [8].

In this chapter, the foliage imposed effect on the propagating waves is examined,
simulated and the total path losses are concluded as a function of antenna height
and the separation distance of WSAN nodes in a field of various densities of
vegetation inside a greenhouse. The WSAN total path losses of a Greenhouse based
on the two popular empirical vegetation attenuation models, namely Weissberger
Modified Exponential Decay (MED) and ITU-Recommendation (ITUR) models are
modeled, simulated and analyzed to predict the connectivity and the maximum
coverage of wireless nodes within the communication path. The implemented
library of, foliage propagation model can be embedded easily with other WSN
simulators like OMNeT++, NS-2, OPNET simulation platforms [9–11].

2 Precision Agriculture Based WSAN

Precision agriculture provides the means for monitoring, evaluating and controlling
agricultural practices. It covers a wide range of agricultural trends from daily herd
management through horticulture to field crop production. Continuous monitoring
of individual crop and its necessities will help growers to potentially recognize a
variety of fertilizers, irrigation, ventilation, climate automation and other require-
ments that provide optimal environment and conditions for crop growth [12]. To
determine the behavior of electromagnetic waves, a precise model of propagation
must be adopted, however propagation models normally used in wireless com-
munication might not be precisely described the wireless sensor network [13].
WSAN nodes are spatially located; usually near the earth’s surface thus induce
absence of main ray between sender-receiver nodes, although WSAN nodes have
spatially short distance distribution. Therefore, WSN propagation waves may face
obstacle like trees, fence, building and dense foliage.
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The newly emerged WSN technology has spread rapidly into various multi-
disciplinary applications. Agriculture and farming is one of the industries which
have recently redirected their concentration to WSN, looking for this cost effective
technology to improve its production and enhance agriculture yield standard [14].
There are several test points equipped with wireless nodes of various sensor types
which they are used to collect the local climate, fertilizing and irrigation parameters
within different parts of the greenhouse to provide information for successful
greenhouse automation system. Cabling of sensor nodes would make the mea-
surement system expensive and vulnerable. Furthermore, the cabled test spots are
hard to relocate once they are installed. Thus, WSN is an attractive and cost
competent alternative to build the required measurement system. Such as temper-
ature, humidity, light and the carbon dioxide are the most important factors for the
quality and productivity of plant growth. Hence continuous monitoring of these
environmental variables gives information to the grower to better awareness, how
each factor impinges on growth and how to administer maximal crop productive-
ness [15]. The optimal greenhouse climate adjustment can enable us to improve
productivity and achieve remarkable energy savings [7].

3 Physical Aspect Challenges of Applying WSN
in Agricultural Fields

Real time radio propagation in a real environment is complex due to the existing of
multipath propagation, shadowing and attenuation. In the agriculture field, the
wireless communication face challenges in terms of nodes location for wide area
mesh coverage and reliable communication link quality above crop canopies. WSN
must have the ability to work in a wide range of environments such as bare fields,
orchards, vineyards from flat to complex topography and with various weather
conditions, all of which affect radio performance [1, 16, 17]. In these environments
and situations, the terrain, crop growth, nodes spacing, antenna height and in
addition to more common factors will affect the link power budget. For applications
inside buildings like greenhouses or warehouses, the radio signal has to go many
objects like windows, walls, pallets, machines, which indeed cause a significant
degradation in received signal strength. Mostly a 10–20 dB of a received signal
level above the sensitivity threshold of the receiver is an accepted value for the link
budget [18]. As the crop growth, the density of the leaves increased over time and
thus message rate decreases, while when there are less leaves; the message rate
increases. Signal propagation above the cross canopy results in attenuation and
variance in the received signal strength [19]. Hebel shows that the attenuation and
signal strength variance were dependent on line of sight losses and heights less than
the Fresnel zone radius [20]. Experimentation in mature corn fields (2.5 m hight)
with transceivers placed at antenna heights of 1.5 m and 2 m and a distance of
100 m, showed an average 10 dB loss when the transceivers were placed in or
across the corn rows [18, 21].
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4 Radio Wave Propagation Models in Simulation Tools

The propagation wave between transmit and receive antenna of a radio link is
subject to a variety of effects that can alter its amplitude, phase, or frequency. Such
propagation effects include; reflection from the ground or large objects, diffraction
from edges and corners of terrain or buildings, scattering from foliage or other small
objects, attenuation from rain or the atmosphere and Doppler effects from moving
antenna.

WSNs simulators use Propagation models to calculate the path losses due to
wireless channel impairment. These models are based on real measurements and
represent a statistical mean or median of the expected path loss. The predicting of
the average received signal power at a given distance from a transceiver node yield
to estimate the wireless communication coverage and hence, the calculation of the
success rate of packet reception. Despite that, most simulators assume a fix prop-
agation distance for each node where the signal propagates exactly meters or using
of free space propagation model (FSPL) or Two-Ray propagation model (T-R).
Therefore, radio wave propagation must encounter the impairment of various types
of obstacles found between the transceivers and hence more complicated path loss
models must presented than these simple models.

Therefore, WSNs simulators need for more efficient and realistic propagation
models that encounter the different effects of the environments under vision. The
modeling of a common path loss model for all communication systems that take
into account all various obstructions, paths, terrain and atmospheric conditions is
difficult and not strategic solution. As a result, there are different models found in
different types of radio wave propagation for different conditions and phenomena.
For agricultural application the foliage effects will represented by the two well
known foliage models MED and ITU, and the total path losses will be calculated
based on fusion of foliage and FSPL, T-R path loss models.

4.1 Free Space Path Loss (FSPL)

FSPL is a wave propagation model that assumes an ideal propagation conditions
along the way between transceivers, it is widely used model in simulation envi-
ronments. Friis free space equation provides a prediction of the received signal
strengths when the transmitter and receiver have a clear, unobstructed line of sight
path between them [22, 23]. The FSPL is calculated by;

PLoss dB ¼ 32:45þ 20 log10ðdkmÞ þ 20 log10ðfMHzÞ ð1Þ

where f is the frequency in MHz and d is the distance in km between the trans-
ceivers. FSPL implies that the received power decreases with distance at a rate of
20 dB/decade. Thus, the received signal power falls off inversely proportional to the
square of the distance d between the transmitter and receiver antennas.
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4.2 Two-Ray Ground Reflection Model

Ray tracing is a method that uses a geometric approach, and inspects what paths the
wireless radio signal follows from transmitter to receiver. Ray-tracing prediction
models are good when detailed information about the area is obtainable. While the
predicted results may not be applicable to other locations, thus making these models
site specific. The fact that for most wireless propagation situations, two paths are
found from transmitter to receiver antennas: a direct path and a reflected off the
ground path. This model gives a more accurate prediction at a longer distance than
the FSPL [22, 23].

Typically in WSNs, wireless sensor nodes are deployed with small elevation
from the ground, nearly (0.05 m – 1 m) with low transceiver antenna heights [4].
Therefore, T-R model is a better descriptor for path loss when radio waves prop-
agate near the ground rather than the FSPL model [23]. The T-R path loss model
can be calculated by (2).

LPEðdBÞ ¼ 40 log10ðdÞ � 20 log10ðhtÞ � 20 log10ðhrÞ ð2Þ

To maximize the connectivity of network nodes due to plane terrain ground
reflection the antenna height must clear the first Fresnel zone [22]. The Fresnel zone
radius, r in meters, can be calculated by (3).

r ¼ 8:657

ffiffiffi
d
f

s
ð3Þ

where, d is the separation total distance between transceivers in km and f is the
frequency in GHz.

The Fresnel zone is the areawhich includes emitted power. Objectswithin this zone
can cause signal degradation and power defeat from the transmitter to the receiver. The
more obstacleswithin the Fresnel zone, themorewave reflections and phase shiftswill
be induced, that can lead to a loss in the received power. Moreover, as antenna height
gets close to the earth’s surface (as with the case of ourWSN), the earth’s surface goes
in the Fresnel zone, making an impediment to communication [24].

5 Wave Propagation Models in Vegetation

Most terrestrial wireless communication systems may require signals to pass
through the foliage at some area along its propagation path. Thus, many applica-
tions of WSNs, such as military and agricultural applications, may face the chal-
lenge of impairing the signal due to the existence of vegetation and crops. The
attenuation of radio wave that propagates through vegetation region is considerable,
especially at higher frequencies [5]. Many valuable research have been conducted
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to model these effects experimentally, most of them are formulated the attenuation
as a function of foliage depth and the working frequency. However, the wide range
of conditions and types of foliage makes it difficult to develop a generalized pre-
diction procedure.

In the literature, several models to evaluate the excess attenuation due to the
presence of foliage in the propagation path can be found. The majority of those
models are defined by the expression of (4) [25]. In WSN for agricultural appli-
cation, a well known models such as Weissberger’s Modified Exponential Decay
model [6] and ITU Recommendation (ITU-R) [3] is adopted in this work.

LVeg ¼ A� f b � dc ð4Þ

where LVeg is the excess attenuation due to foliage, f is the working frequency and df
is the depth of a deciduous tree in meters, A, B and C are empirically calculated
constants, which are dependent on the type of foliage.

5.1 Weissberger’s Model

Weissberger’s Modified Exponential Decay model [6, 26, 27] is given by (5). MED
model applies when there are dense, dry, leafed trees blocked the propagation path
between transceiver antennas within maximum distance of 400 m. Blaunstein [2]
indicates that the model covers the frequency range from 230 MHz to 95 GHz.

L(dB) ¼ 1:33� d0:588f � f 0:284 14� df � 400
0:45� df � f 0:284 0\df\14

�
ð5Þ

where df is the depth of foliage along the LOS path in meters f is the frequency in
GHz. Attenuation predicted by the vegetation propagation model is in addition to
free space and any other non foliage loss.

5.2 Early ITU Vegetation Model

ITU-R model estimates the path loss encountered due to the presence of vegetation
along the propagating path. It is an easily applied model that provides results that
are fairly consistent with the Weissberger model. The model was proposed for cases
where either the transmitter or the receiver is near to a small (d < 400 m) grove of
trees such that the majority of the signal propagates through the trees. The model is
represented by (6) [3].
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LðdBÞ ¼ 0:2f 0:3d0:6f ð6Þ

where f the frequency in MHz is df is the depth of the foliage along the LOS path in
meters.

6 Total Path Loss in Vegetation

The modeling of path propagation loss of a communication channel through veg-
etation is the integration of foliage loss with the free space loss. The total path loss
can be formulated as:

PTot�loss ¼ PFSPL þ PEnv�loss ð7Þ

where PTot�loss is the total path loss, PFSPL is the FSL (T-R MODEL) and PEnv�loss

is the vegetation loss. The resulting signal power received is given by

Pr ¼ Pt � PTot loss ð8Þ

While the maximum allowable path loss for WSN can be approximated by

Lossthr ¼ Pt � Rsensitivity ð9Þ

where Rsensitivity is the receiver sensitivity, Lossthr is the maximum path loss in dB.
The total path loss cannot exceed Lossthr value without violating the receiver
sensitivity. Therefore, for WSN nodes being in the range of communication cov-
erage, the separation distance d must be less than maximum propagation distance
dmax. The existence of a radio link between nodes is computed by comparing the Pr

calculated using propagation model to the Receiver Sensitivity threshold (Rsensitivity).
While the packet is successfully received by a receiving node if the Pr is greater
than Rsensitivity of the receiver and no other packets being sent or received. Con-
trarily, if Pr is less than Rsensitivity, then messages are treated as noise.

A new library (Veg_Path_Loss) of radio wave vegetation loss is built which can
be integrated with simulators based C language structure. This library is used to
simulate and calculate the total losses based on foliage losses of well known MED
or ITU vegetation models with the FSPL and T-R propagation path loss model, also
the communication coverage and network connectivity have been included and
simulated results can be used to indicate the reliability and performance of the
network as well as its provide a tool to investigate the configuration of node
placement with respect to a connectivity issue.
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7 Simulation Setup of WSAN in Agricultural Greenhouse

The simulation assumes a greenhouse of 100 m × 100 m area where sensor nodes
are deterministically distributed over this area with 10 m separation distance
between adjacent nodes. The total number of sensor nodes is assumed to be 100
nodes. This assumption is based on harum manis mango cultivation plan for all
season in big greenhouse structure in Perlis, Malaysia. The greenhouse terrain is flat
and it mainly consists of sand and soil, with grass covers some parts.

The WSN based agricultural greenhouse application is configured based star
topology with the main sink node in the middle. Deployment of wireless sensor
nodes in the field could be either random or deterministically based on the appli-
cation. However, proper planning for deployment of network nodes is extremely
important since without proper nodes locations will highly affect the network
connectivity and may result in sever network performance degradation. Within
greenhouse field, the WSN nodes are deployed based on a pretested of signal
strength represented by link quality indicator (LQI) of sensor node within the main
node, this test is helpful to guarantee that nodes is at least seen by the main node in
free space environment. While the environment is changeable within time due to
plantation and growth which affects the communication channel.

To achieve a successful network communication environment, network nodes
must be within the communication range. Despite that, there are many scenarios to
deploy the network nodes, but the most effective one is the grid based deployment
which is one of the most suitable for agricultural application and especially for
greenhouse environment. There are different popular pattern of grid mapping of
nodes such as square grid, equilateral triangle and normal hexagon. It is seen that
the square grid be most effective when a main node located in the center of the grid
[28]. Therefore, the square grid mapping is adopted for network node deployment
with the main node located in the center of the topology. In this simulation the IEEE
802.15.4 standard is used with operating frequency of 2.4 GHz. The WSN deployed
based on non beacon enabled star topology. The wireless channel bit rate is
250 kbps. The transmission power of 0 dBm is chosen for all network nodes and the
sensitivity value of −95 dBm based on Omni directional antennas with a typical
gain of 1 dBi are used at in the transmitter and receiver.

The integration of free space and T-R path loss models within foliage models is
simulated for different vegetation depth and also for different antenna heights.
Therefore, the communication network coverage and the connectivity of the nodes
within a greenhouse environment based on grid deployment of 10 m apart nodes,
within main node in the center are conducted. The antenna height is experience to
find the best heights configuration to ensure better link connectivity for various
vegetation depths.
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8 Results and Discussion

The impact of antenna height, for the transmitter and the receiver is investigated
based on (2). Figure 1 shows the loss as a function of different distances of equal
antenna height, as the antenna is far away from the ground, the loss is less, for
comparison, antenna height of 0.5 m of a system has a path loss of 64 dB while the
same system with an antenna height of 2 m has a loss of 40 dB at 20 m of distance,
this reduction in loss must be considered when designing the wireless node’s height
so maximum height subject to applicable limits which minimize the path loss must
be chosen. For application of an agricultural field, the antenna height of the
transmitter may be differs in height from the receiver antenna node.

Figure 2 shows that antenna height of a transmitter is above ground by 3.5 m,
while the receiver nodes antennas may vary between 0.5, 1, 1.5 or 2 m above
ground level. Obviously the attenuation for such system will be higher than a
system with same level antenna height (LOS), although this, some application need
like this configuration and the path loss prediction computed shows that 1 m
receiver antenna height is the most suitable height for agricultural application and
for greenhouses specifically, the loss is 57 dB, for distance depth of 50 m among
other height losses, also this height adequate the wireless sensor network applica-
tion inside greenhouse.

For the agricultural applications such as greenhouse in our simulation, the
foliage depth range from 1 to 48 m between farthest wireless end node and the
based station node with max foliage loss of 16.68 and 21.6 dB for MED and ITU
models respectively. The simulation assumes that there are 5 levels of sensor node
far away from base station node, these levels is separated by 10 m apart, hence level
(i) = 10, 20, 30, 40, 50 m; for i = 1, 2, 3, 4, 5. Therefore foliage depth will be in the
range of 1� df � levelðiÞ � 1 and the transmitter antenna height is 3.5 m while 1 m

Fig. 1 Path loss versus
separation distance for equal
antennas height of 0.5, 1, 1.5
and 2 m
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of height for receiver antenna, these parameters will be applied to MED and ITU-R
models.

As a conclusion of the effects of antenna height of the node transceiver on the
total path loss are depicted in Fig. 3, the combination of height of 3.5 and 1 m
shows less total path loss (73, 78.15 dB for MED and ITU models respectively for
max foliage depth) as compared to height of 3.5 and 0.5 m where the total path loss
is shown to be 79.78 and 84.18 dB for MED and ITU models respectively. This true
since the first Fresnel zone must be clear out of obstacle and maximize the wave
strength toward the receiver and the 0.5 m of receiver antenna height is less than the

Fig. 2 Path loss versus antenna separation distance for ht of 3.5 m and hr of 0.5, 1, 1.5 and 2 m

Fig. 3 Antenna height effects on total path loss for MED and ITU vegetation models and T-R
model
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Fresnel threshold of the first zone. Contrary for equal height of antennas of 1 m, the
total path loss is shown to be higher, hence for MED model the loss is found to be
84 and 89 dB for ITU model. This also shows that the best antenna height based on
greenhouse environment and total path loss is shown to be with the 3.5 m and 1 m
height for transceiver of main and end node.

The main benefits from the simulation is that it easily shows the effects of
network nodes height configuration on the reliability and performance of the net-
work, hence it’s a good indication of how far the total losses can affect the received
signal strength in vegetation environment. This simulation can be used in prior of
real time hardware deployment of the WSN nodes with proper calculation of
maximum losses that can be damped our network signal propagation and hence
degrade the total performance and reliability.

8.1 Communication Coverage Simulation

Usually, based on the maximum coverage range, the wireless sensor network nodes
are deployed so that best connectivity is obtained. Hence for a larger communication
range of a wireless node, the further it can be deployed. Although that the hardware
wireless node has a maximum communication range of 100–120 m within free space
line of sight situation, while in many cases of real experiment, communication failed
either because proper studies were not been carried out to estimate the communi-
cation coverage of the node before deployment in the real environment or the
maximum data sheet communication range is achievable only in ideal environment
which is little bit different form real time application environment.

Figure 4 shows the communication coverage versus foliage depth for total path
loss with various antenna heights. The simulation results shown in figure explain
the effects of various vegetation depths between the main node and the end node,
the sensing node. The investigation of the network communication coverage and
hence the network performance is carried out based on the results shown. Using of
only T-R model (PE) alone shows that the coverage distance is uniform at 187 m.
Contrarily, the communication coverage decreases with increasing of vegetation
depth for both MED and ITU models combined with the T-R model. For example at
a height of 3.5, 1 m of antennas the MED+PE model expresses a decreasing of
communication coverage from 180 to 134 m for vegetation depth of 1–10 m,
respectively. The MED+PE for 3.5, 1 m of antenna height has more coverage range
than 3.5, 0.5 m combination height of antennas, also MED+PE shows higher
coverage than ITU+PE model and this due to the fact that the ITU model expresses
higher loss than MED model (5) and (6).

At antenna height of 0.5 m for both models, the communication range is below
43 m for all vegetation depths. This is true since the height of the antenna has a
significant effect on communication range. Overall, the communication range of a
network shows a limitation of network nodes placement with respect to main node,
the distribution of network nodes must be with consideration of the communication
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range of the nodes so that maximum coverage can be achieved and hence network
nodes can communicate easily which gives better network performance than a
situation where some nodes of the network is out of coverage.

The simulation used, Fig. 4, shows the communication range for the network
based on 85 dB sensitivity of the receiver and various depths of vegetation loss, the
simulated models shows worthy information on how far a node can be deployed far
away from main node and how much vegetation depth can be in the way between
them. Hence the real implementation of network nodes in the field has a prior
awareness of the maximum dimension that must follow for nodes deployment while
simulation results is little deviated from real time implementation due to other effects
like grass, iron stand, roof, atmosphere that could contribute in more losses which is
neglected during the simulation phase. The antenna heights play an important role in
communication coverage and hence will extend the node deployment positions which
give more flexibility for the network to cover a wide area with the same capability.

8.2 Network Connectivity Simulation

WSN based on a star topology requires that all wireless end nodes have the ability
to direct communication with the main node, hence to achieve maximum con-
nectivity of network nodes, a precise study of nodes positioning should be done
prior to implementation. The connectivity simulation of network nodes will identify
all the sensor nodes which are within the range of the main node. The connectivity
percentage can be defined as:

Fig. 4 Communication coverage for various foliage depth and vegetation models, MED and ITU
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Connectivity ¼ Ncon

Nnode
� 100% ð10Þ

where Ncon is the total number of connectivity and Nnode is total number of nodes in
the topology.

Figure 5 shows the simulation result of MED and ITU model with T-R (PE)
model at three different antennas height combination and for various vegetation
depths. The non vegetation loss of FSPL and PE model shows 100 % of connec-
tivity, an idealistic model of FSPL and antenna height of the T-R model gives
100 % of connectivity.

As the vegetation depth increases, the two vegetation models show less con-
nectivity. The experimental studies in Meng et al. [4] reported that the total path
loss for near ground propagation is the accumulation of the foliage and the ground
reflection effects. For antennas height of 0.5 m, the MED+PE model shows 76 % of
connectivity degraded to 24 % as foliage depth increased from 1 to 20 m for the
MED vegetation model while less connectivity of 60 % for the ITU model degraded
to 16 % for same foliage depth as shown in Fig. 5.

The MED+PE model at 3.5, 1 m antenna height shows 100 % connectivity, while
the ITU+E model shows, at foliage depth of 40 m, decreasing connectivity reached
88 % on the other hand a perfect connectivity is achieved when foliage depth is less
than 40 m. Contrary when the antenna height combination for transmit and receive
are 3.5 and 0.5 m height the MED+PE model shows connectivity of 100 % when
foliage depth is less than 31 m while for more foliage depth greater than 30 m the
model shows decrease in node connectivity reached to 80 %. The same behavior of
the ITU+PE model is shown for 3.5 and 0.5 m antenna height combination, the

Fig. 5 Network connectivity for different antenna height with propagation models in vegetation
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model shows a perfect connectivity before 20 m of foliage depth while decreasing in
connectivity shown, reached to 52 %, for higher depth of the foliage.

The ITU+PE model results in Fig. 5 shows lower connectivity as compare to
MED+PE model for all antenna height. It’s clear shown that when WSN nodes
deployed near the ground and its antenna height is low causes higher difficulties in
connectivity and hence need either more node power, rearrangement of node
positioning or higher nodes’ antenna. Contrary when antenna height increases, the
percentage of connectivity will be improved.

Based on (3), the analytical calculation proves that greater than 0.9 m of antenna
height is required to clear ground reflection. Therefore, based on these results, the
antenna height of each end node should be positioned higher above the ground so
that optimum connectivity between the nodes is assured. And as shown that the
combination of 3.5 and 1 m heights of antennas shows perfect connectivity when
used with MED vegetation model for all vegetation depth and ITU model shows
perfect connectivity for same height combination but with less foliage depth of
40 m than MED model.

9 Conclusions

The electromagnetic wave propagation in close proximity of the earth’s surface can
be predicted using propagation models that show the attenuation of traveling sig-
nals. Although there are propagation models which are normally used in the con-
ception and analysis of wireless communications networks, these models cannot be
directly used in applications that use wireless sensor networks, based on WPAN
(Wireless Personal Area Network) technologies, such as IEEE802.15.4. In this
chapter, two foliage model, MED and ITU-R, have been simulated, and the height
of the antenna for different procedure also have been determined as an effect of loss,
basically line of sight communication cannot be achieved in the real environment of
agricultural application due to reflection, diffraction and scattering effects.

Inside greenhouses, the distances separate wireless nodes almost are within the
range of reliable communication link even the foliage is highly dense. The maximum
foliage dense simulated is less by one meter than maximum distance between
transmitter and receiver nodes.

In this study, the effect of vegetation on WSN systems’ performance is inves-
tigated and discussed. The results shown that FSPL and PE models show over
optimistic output although that there is vegetation in the transmission path. There is
different Radio wave propagation models with different results used to model the
radio communication channel. The results show that even for short range, the path
loss can be considerable as the radio wave is impairment by vegetation and
reflection. Therefore it is crucial to pick the appropriate propagation model based on
the environmental effects, since the evaluation of new protocols using inappropriate
propagation model may yields of wrong results and conclusions. The communi-
cation coverage and network node connectivity are simulated with 100 nodes
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spatially equal distributed in 100 m × 100 m area, the nodes were 10 m apart. The
combination of MED+PE propagation model with 3.5 and 1 m antenna height of
transmission and receiving nodes respectively shows perfect result with the simu-
lation setup, the communication coverage for MED+PE shows the minimum
coverage range of 80 m when foliage depth is 48 m and perfect connectivity.
Contrarily ITU+PE model is less than MED+PE model while it still in acceptable
results with simulation setup for same heights of antenna.

Results obtained in this study shows that the antenna height of the transceiver for
network nodes is one of the most important issues when deploying of WSN system.
Hence antenna positioned at ground or near the ground causes short range for WSN
and the system will fail when implemented in the real environment. So that to
maintain high network node connectivity, a proper node placement strategy must
follow that assure of proper height of the antenna with respect to application
allowance. Therefore, adequate propagation model should be used to predict
antenna heights and path loss to ensure that the system maintains link connectivity.

Finally, the simulations prove its usefulness to use and combine with WSN
simulators, hence its assist in the investigation of path loss, antennas height affect,
network coverage and network nodes connectivity based on well known foliage
vegetation models. The simulators are developed with the use of MATLAB m-files
which is based on C like structure programming which make it easy to be combined
with simulators like OMNET++, NS2 and OPNET that is based on C structure
programming.
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Fiber Optic Sensors: Short Review
and Applications

Naseer Sabri, S.A. Aljunid, M.S. Salim and S. Fouad

Abstract An extensive review of optical fiber sensors and the most beneficial
applications is presented in this chapter. Although electrical sensing technologies
have been successfully deployed in countless applications, the introduction of
optical sensing, engineers and scientists can now perform measurements that were
previously impractical or, in some cases, impossible with conventional electrical
sensors. At present, many real-world applications already use both approaches to
combine both benefits. The inherent advantages of fiber optic sensors such as
lightweight, small size, passive, low attenuation, immunity to electromagnetic
interference (EMI), wide bandwidth and environmental ruggedness were heavily
used to offset their major disadvantages of high cost. Thus Fiber optic sensors
(FOSs) have boosted the utility and demand for optical sensors in various military,
industry and social fields. FOSs show reliable and rigid sensing tasks over con-
ventional electrical and electronic sensors.

1 Introduction

Recently, FOSs have achieved increased attractiveness and market acceptance.
FOSs provides a unique advantages in comparison to traditional sensors and thus
FOSs be the successful for certain applications, mainly where conservative sensors
are difficult or unfeasible to deploy or cannot offer the same richness of information.
Fiber optic sensors offer a wide spectrum of advantages over traditional sensing
systems, such as small size and longer lifetime. Immunity to electromagnetic
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interference, amenability to multiplexing, and high sensitivity make FOs the sensor
technology of choice in several fields, including the healthcare and aerospace
sectors. This chapter presents an executive review of optical fiber sensors and the
most beneficial applications.

The field of fiber optics has undergone tremendous growth and advancement
over the last 25 years. The fiber optic communication industry has literally revo-
lutionized the telecommunication industry by providing higher performance, more
reliable telecommunication links with ever decreasing bandwidth cost. This revo-
lution is bringing about the benefits of high volume production to component users
and a true information superhighway built of glass. Developments fiber optic sensor
[1] technology has been a major user of technology associated with the optoelec-
tronic and fiber optic communication industry. Since the past decades, various
devices, including fiber optic gyroscopes; sensors of temperature, pressure, and
vibration; and chemical probes have been under development of FOS technology.
FOSs offer a number of advantages, such as increased sensitivity compared to
existing techniques and geometric versatility, which permits into arbitrary shapes
[2]. The ability of fiber optic sensors has been enhanced to substitute traditional
sensors for acoustics, vibration, electric and magnetic field measurement, acceler-
ation, rotation, temperature, pressure, linear and angular position, strain, humidity,
viscosity, chemical measurements and a host of other sensor applications. They can
be used in high voltage, high temperature, or corrosive environments due to its
dielectric property; In addition, these sensors are compatible with communications
systems and have the capacity to carry out remote sensing. Recently, investigation
in the field has focused on the development of new materials with non-linear optical
properties for important potential applications in photonics. Examples of these
materials are the conjugated semiconducting polymers that combine optical prop-
erties with the electronic properties of semiconductors. In addition, these con-
ducting polymers have photo luminescent and electroluminescent properties,
making them attractive for applications in optoelectronics [3].

Fiber optic sensor technology in turn has often been driven by the development
and subsequent mass production of components to support these industries. The
inherent advantages of fiber optic sensors which include their ability to be light-
weight, of very small size, passive, low attenuation, and low power, immunity to
electromagnetic interference (EMI), high sensitivity, wide bandwidth and envi-
ronmental ruggedness were heavily used to offset their major disadvantages of high
cost and unfamiliarity to the end user [4, 5].

2 General Features of Fiber Optical Sensors

The researches and technologies in the field of FOS are aggravated by the antici-
pation that optical sensors properties have significant advantages compared to
conventional sensor types. Recent advances in fiber optics (FOs) and the numerous
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advantages of light over electronic systems have boosted the utility and demand for
optical sensors in various military, industry and social fields. Environmental and
atmospheric monitoring, earth and space sciences, industrial chemical processing
and biotechnology, law enforcement, digital imaging, scanning, and printing are
exemplars of them. The advances in research and development of FOS devices has
extended their applications to various fields of technology, such as medical,
chemical, and telecommunications industries. They have been developed to work
on a wide variety of physical properties, like temperature, chemical changes,
electric and magnetic fields, vibrations, strain, displacement (position), flow,
pressure, rotation, radiation, liquid level, light intensity, and color. For performance
in harsh environments, FOS proves reliable and rigid sensing devices over con-
ventional electrical and electronic sensors where they have difficulties [1, 6].
Contrary, optical fiber sensors exhibit a number of advantages over other types of
sensors; FOSs

• Enable small sensor sizes, do not contaminate their surroundings and are not
subject to corrosion.

• Electrical Passiveness: can be used in volatile surroundings.
• Electromagnetic Immunity: perfect for microwave environment, immune to

radio frequency interference (RFI) and electromagnetic interference (EMI).
• Resistant to high temperatures and chemically reactive environment: ideal for

harsh and hostile environment.
• Compact and Light; perfect match for surface mounting and embedding appli-

cations. Require small cable sizes and weights.
• Wide Dynamic Range: ability to monitor a wide range of physical and chemical

parameters and thus permit remote sensing.
• Greater Sensitivity and range resolution.
• Electrical Isolation: absolute electrical insulation from lofty electrostatic

potential.
• Remote operation over several km lengths without any lead.
• Sensitivity: ideal for deployment in boreholes or measurements in hazardous

environment.
• Multiplexing and distribution Capabilities of sensors are sole as they offer

measurements at a greater number of points along a single optical cable: ideal
for minimizing cable deployment and cable weight, or for monitoring extended
structures like pipelines, dams etc.

The advantages of optical sensors are extending to the capacity of optical fiber to
send and receive optical signals and over long distances. Nowadays there is a
motivation to use of networks of sensors and thus will avoid the conversion process
between electronics and photonics separately at each sensing site, hence reducing
costs and increasing flexibility.
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3 Fiber Optic Sensor Principles

The general structure of an optical fiber sensor system is shown in Figs. 1 and 2. It
consists of an optical source (Laser, LED, Laser diode etc.), optical fiber (single or
multimode), sensing or modulator element (which transducers the measure and to
an optical signal), an optical detector and actuating circuitry (processing electronics,
oscilloscope, optical spectrum analyzer etc.). In the FOSs devices, the optical
parameters that can be modulated are the amplitude, phase, color (spectral signal),
and state of polarization [6, 7]. The optical modulation methods of the sensors
involve the following:

Intensity-modulated sensors The variation of the light intensity that is propor-
tional to the perturbing environment can be detected by sensors. The concepts
associated with intensity modulation include transmission, reflection, and micro
bending. For this, a reflective or transmissive target can be incorporated in the fiber.
Other mechanisms that can be used independently or in conjunction with the three
primary concepts include absorption, scattering, fluorescence, and polarization.

Fig. 1 General structure of an optical fiber sensor

Fig. 2 Basic components of an optical fiber sensor
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Intensity modulated sensors normally require more light to function than phase
modulated sensors; as a result, they employ large core multimode fibers or bundles
of fibers.

Phase-modulated sensors The phase of the light in a sensing fiber is compared to
a reference fiber in a device known as an interferometer. These sensors employ a
coherent laser light source and two single-mode fibers. The light is split and injected
into the reference and sensing fibers. If the light in the sensing fiber is exposed to
the perturbing environment, a phase shift occurs between them. The phase shift is
detected by the interferometer. Phase modulated sensors are much more accurate
than intensity-modulated sensors.

The change in colour is proportional to the changes in the absorption, trans-
mission, reflection, or luminescence of the optical signal, whereas the polarization
is related to the strain birefringence.

4 Fiber Optic Sensors Category

The sensing mechanisms of FOS can be sectorized into two main categories;
Direct sensors The modulation of the illuminating light is based on the medium

under vision, whereby the composed light is the consequence of back scattering
straight from the interrogated medium or medium fluorescence resulted by an
optical source (e.g., photometric sensors).

Indirect sensors Employ an intermediary in response to the medium under test
property of interest (e.g., temperature, enzyme presence). In addition, indirect
sensors are often loosely grouped into two basic classes according to the manner in
which the optical fiber is used, sensor can be either an intrinsic one, if the modu-
lation takes place directly in the fiber, or extrinsic, if the modulation is performed
by some external transducer [5, 6].

Intrinsic fiber optic sensor (IFOS) The intensity, phase, polarization, wavelength
or transit time of light can be modulated. Sensors which modulate light intensity
tend to use mainly multimode fibers, while only mono mode cables are used to

Fig. 3 Types of FOSs. Intrinsic devices (a) and extrinsic devices relay on a transducer (b)
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modulate other parameters. An interesting feature of IFOSs is that they can provide
distributed sensing over distances of up to 1 m. In intrinsic sensors, the variable of
interest (physical perturbation) must modify the characteristics of the optical fiber to
modify the properties of the light carried by the fiber, Fig. 3a. IFOSs directly
employ an optical fiber as the sensitive material, sensor head, and also as the
medium to transport the optical signal with information of the perturbation envi-
ronment to be measured. They operate through the direct modulation of the light
guided into the optical fiber. The light does not leave the fiber, except at the
detection end, the output, of the sensor. These sensors can use interferometric
configurations, Fiber Bragg Grating (FBG), Long Period Fiber Grating (LPFG), or
special fibers (doped fibers) designed to be sensitive to specific perturbations. Light
intensity is the simplest parameter to manipulate in intrinsic sensors because only a
simple source and detector are required.

Extrinsic fiber optic sensor (EFOS) The optical fiber is simply used to guide the
light to and from a location at which an optical sensor head is located. The sensor
head is external to the optical fiber and is usually based on miniature optical
components, which are designed to modulate the properties of light in response to
changes in the environment with respect to physical perturbations of interest
Fig. 3b. Thus, in this configuration, one fiber transmits optical energy to the sensor
head. Then this light is appropriately modulated and is coupled back via a second
fiber, which guides it to the optical detector.

Extrinsic fiber optic sensors use a fiber optic cable, normally a multimode one, to
transmit modulated light from a conventional sensor. A major feature of extrinsic
sensors, which makes them so useful in such a large number of applications, is their
ability to reach places which are otherwise inaccessible. For example, the insertion
of fiber optic cables into the jet engines of aircraft to measure temperature by
transmitting radiation into a radiation pyrometer located remotely from the engine.
Fiber optic cable can be used in the same way to measure the internal temperature
of electrical transformers, where the extreme electromagnetic fields present make
other measurement techniques impossible. Extrinsic fiber optic sensors provide
excellent protection of measurement signals against noise corruption.

5 Classification of Fibre Optical Sensors

There are many factors that affects on the choice and design of an FOS. Generally it
is dedicated by technological and application factors like spatial resolution and
localization, sampling volume, accuracy and access to the target site. The collection
of these parameters shapes the engineering problem that utters the different system
parameters such as the elect of source and detector characterization and arrange-
ment, with appropriate signal analysis based application, for instant, (e.g., back-
ground fluorescence subtraction in fiber-based Raman spectroscopy, model fits in
fiber-based spatially dependent diffuse reflectance, corrections of fluorescence
spectra for tissue attenuation distortions, etc.).
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The FOSs may classified based on the spatial distribution of the measurand, such
as

• Point sensors Where only a single point in space is measured, while it is
possible to adopt multiple channels for multiple points exploit multiple points.
Like these sensors are Fabry-Perot sensors and single Fibre Bragg Grating
(FBG) sensors.

• Integrated sensors A physical parameter over a certain spatial section is mea-
sured and averaged and thus provides a single value. Such as the using of a
deformation sensor to measure the strain over a long base length.

• Multiplexed sensors For a single fiber optic cable there is a number of fixed-
discrete points where measurand is computed along the cable. Multiplexed
FBG’s is the ordinary example.

• Distributed sensor For a single fiber optic cable, the measurands of the
parameter of interest of a certain spatial resolution are computed at any point
along the cable. Examples comprise systems based on Rayleigh scattering.

6 Measurands of Optical Sensors

Optical sensing technology can measure almost all of the physical measurands of
interest and a very large number of chemical quantities. Table 1 explores the most
of optical sensor measurands.

Techniques by which the measurements are made can be generally grouped in
three categories depending on.

6.1 Sensing Strategies

The strategies of sensing are based on either measuring the intensity change in one
or more light beams or measuring the phase change in the light beams by causing
them to interact or interfere with one another. As a result sensors in this class are
called either intensity or interferometric sensors. Techniques used in the case of
intensity sensors techniques are based on light scattering, spectral transmission

Table 1 Optical sensor
measurands

Temperature Chemical species

Pressure Force

Flow Radiation

Liquid level pH

Displacement Humidity

Vibration Strain

Rotation Velocity

Magnetic fields Electric fields

Acceleration Acoustic fields
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changes (i.e., absorption of transmitted light where a simple attenuation is resulted,
reflectance changes micro bending or radiative losses, and changes in the modal
properties of the fiber. Interferometric sensors have been demonstrated based upon
the magneto-optic, the laser-Doppler, or the Sagnac effects, to name a few.

6.2 Degree of Sensing

This class is composed of single point sensor or distributed sensor based on whether
sensors operate only at a single point or over a distribution of points. In the case of a
point sensor, the transducer may be at the end of a fiber the sole purpose of which is
to bring a light beam to and from the transducer. Examples of this sensor type are
interferometers bonded to the ends of fibers to measure temperature and pressure. In
the case of a distributed sensor, sensing is performed all along the fiber length.
Examples of this sensor type are fiber Bragg gratings distributed along a fiber length
to measure strain or temperature.

6.3 Role of Optical Fiber

Further distinction is often made in the case of fiber sensors as to whether
measurands act externally or internally to the fiber. Where the transducers are
external to the fiber and the fiber merely registers and transmits the sensed quantity,
the sensors are termed extrinsic sensors. Where the sensors are embedded in or are
part of the fiber and for this type there is often some modification to the fiber itself,
the sensors are termed internal or intrinsic sensors. Examples of extrinsic sensors
are moving gratings to sense strain, fiber-to-fiber couplers to sense displacement,
and absorption cells to sense chemistry effects. Examples of intrinsic sensors are
those that use micro bending losses in the fiber to sense strain, modified fiber
claddings to make spectroscopic measurements, and counter-propagating beams
within a fiber coil to measure rotation.

Today, most of the measurands in Table 1 can be sensed by either intensity or
interferometric techniques and as either point or distributed effects.

7 Fiber Optical Sensor Types

Fiber optical sensors are sensors that can work in harsh environments where con-
ventional electronic and electrical sensors have difficulties. They can sense various
physical properties, such as pressure, position, strain, chemical changes, magnetic
and electric fields, flow, vibration, light level, radiation and colour [3, 8].
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• Chemical sensors; remote spectroscopy, groundwater and soil contamination.
• Temperature sensors; largest commercially available sensors, range −40 to

1,000 °C.
• Strain sensors; fiber Bragg gratings (FBG) technology, senses as little as 9 micro

strain.
• Biomedical sensors; spectroscopic biomedical sensors, CO2, O2 and pH can be

measured simultaneously, flow monitoring by laser dopplerimetry.
• Electrical and magnetic sensors; appealing inherent dielectric nature, less sen-

sitive to electromagnetic interference, small size and safer, they are almost
always hybrid.

• Rotation sensor; based on the sagnac effect, two types ring laser gyroscope
(RLG) and fiber optic gyroscope (FOG).

• Pressure sensors; based on piezoresistive technique or movable diaphragm, high
performance (polarization based sensors); operating pressure ranges from 0 to
70,000 torr.

Displacement and position sensors; one of the first optoelectronic sensors to be
developed, simple sensors rely on the change in retro reflectance due to a proximal
mirror surface, also referred as liquid level sensors.

8 Fiber Optical Sensing Applications

The distributed and single fiber architecture offer large and lightweight structures
benefits of simplify installation and reduce weight. The unique features of noncor-
rosive and non conductive specificities of the fiber provide highly benefits of
industrial and outdoor applications where hazardous gases and voltages might be
present. Also, the immunity to EMI removes the need for expensive and often
difficult signal conditioning required for measurements near noisy sources such as
power transformers. For harsh environmental condition and sensing over long dis-
tances, Optical sensing is consider as the perfect solution for applications where
conventional electrical sensors such as foil strain gages, thermocouples, and
vibrating wires have proven ineffective or difficult to use due to those conditions. In
addition, the features and benefits of fiber Bragg grating (FBG) optical sensing
include the nonconductive, electrically passive, immune to electromagnetic inter-
ference (EMI), induced noise, sensor measurements over very long distances (10
+ km), daisy chain multiple sensors on a single fiber. Large and lightweight struc-
tures can benefit from the distributed single fiber architecture to simplify installation
and reduce weight [6]. The nonconductive and noncorrosive nature of the fiber
benefits outdoor and industrial applications where hazardous gases and voltages
might be present. Also, the immunity to EMI removes the need for expensive and
often difficult signal conditioning required for measurements near noisy sources such
as power transformers. FBG optical sensing can benefit many applications in areas
such as energy, civil infrastructure, and transportation monitoring.
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Chemical field Optical-chemical and biochemical sensing is being researched
extensively all over the world, and these sensors are finding an increasing number
of applications in industry, environmental monitoring, medicine, biomedicine, and
chemical analysis [2]. The main physical phenomena exploited for optical chemical
sensing are absorption and fluorescence, although chemical luminescence, Raman
scattering, and Plasmon resonance have also been used [9].

Medical field The use of optical fiber technology offers plentiful features that are
well suitable for medical applications. Like these features non-toxic and bio-
chemically inert, immune from electromagnetic interference, non-invasively in
contact with outer organs such as the skin or surgically. As well, based on their
flexibility and thin outer diameter, they can also be positioned into physical cavities
(endoscopic approach), inserted interstitially via plainly invasive trocars, (e.g.,
hollow bore needles), or located intravascularly. Thus, measurands can be carried
out d in difficult to access parts of the human body with greater concentration
sensitivity. Lastly, it is technologically possible to bundle multiple sensors with
different measurement capabilities can be fused into a single probe as a packaged
instrument, and hence potentially increasing useful information content [10–14].
Optical fiber technology offers a convenient, affordable, safe and effective approach
for the delivery and collection of light to and from the tissue region of interest, and
has been employed clinically since the 1960s [5].

Energy field Optical sensing offers the ability to address diverse challenges
introduced by monitoring power plants and structures that working on generating,
distributing and converting power. Whether it is a windmill requiring a lightweight
solution or a hydroelectric turbine needing an EMI-resistant system, optical sensing
has sole features that make it appropriate for these conventionally hard applications.
FBG optical sensing has unique attributes that make it suitable for traditionally
difficult applications. Monitoring structures that generate, produce, distribute, and
convert electrical power introduces many challenges that can be addressed with
FBG optical sensing. Whether it is a windmill requiring a lightweight solution or a
hydroelectric turbine needing an EMI-resistant system, optical sensing has unique
feature that match perfectly with these traditionally difficult applications. Partial
discharge detection uses optical fiber sensors are being tested for use in detecting
partial discharges in electrical transformers. Pinpointing such discharges is essential
to preventing insulation breakdown and catastrophic failures. For example, moni-
toring the structural integrity of a wind turbine blade with electrical sensors would
often result in noisy measurements because of long copper lead wires. With optical
sensing, accurate and noise-free strain measurements on wind turbine blades are
possible with little added weight to the structure. Furthermore, the non conductive
and distributed nature of optical fibers lends well for many uses in oil and gas
applications, including pipeline monitoring and downhole monitoring. Applications
of energy FOS devices are wind turbine blade monitoring, pipeline monitoring,
power line monitoring, offshore platform monitoring and downhole monitoring.

Agricultural and food Optical sensing can help growers and horticulturists assess
crop ripeness, determine chlorophyll and light levels, and evaluate reflectance of
petals and leaves to gauge plant health. To assurance the superiority of food

308 N. Sabri et al.



products for the end-user, quality control plays an important role. Optical sensing
can be used to classify incoming feed, for online quality control and even for
analysing oxygen levels inside closed packaging [15].

Civil field Structural health monitoring systems based on electrical sensors often
face significant environmental challenges. An electrical monitoring system would
require the installation of countless wires, a lightning grounding system, periodic
external calibration, and the potential maintenance of corroded and/or degrading
sensors. With an optical sensing solution, these downfalls are all eliminated. The
ability to daisy chain multiple sensors on a single fiber greatly reduces the weight
and complexity of the system. Furthermore, optical fiber does not corrode or
conduct like copper wire, which increases longevity and reduces the risk of damage
due to lightning. These attributes, coupled with the fact that optical sensors and NI
interrogators do not require calibration, drastically reduce the amount of mainte-
nance required. Applications of civil FOS devices are large building monitoring,
bridge and road monitoring, airport landing strip load monitoring and dam moni-
toring [16].

Transportation field Monitoring systems play a crucial role to guarantee the
perfect operation of transportation systems such as ships, railways, airplane,
automobile and more. Contrarily, size, harsh environment and weight requirements
can expose major challenges to developing an electrical monitoring system optical
sensors ease these challenges by providing lightweight distributed sensor mea-
surements that have superior features as aforementioned in addition to the longevity
and ease of installation of FBG optical sensors and lack of need for external
calibration, these sensing systems can be deployed reliably for decades without
needing any maintenance—this is especially beneficial for long-term railway and
ship hull monitoring. The ability to have multiple sensors on a single, very thin fiber
dramatically reduces the weight of the monitoring system, which is especially
important in aerospace applications. Applications of transportation FOS devices are
railway monitoring, fuel tank monitoring, airplane wing monitoring, and Ship hull
monitoring [16, 17].

9 Conclusions

In conclusion, electrical sensing technologies have been successfully deployed in
countless applications. However, with the introduction of optical sensing, engineers
and scientists can now perform measurements that were previously impractical or,
in some cases, impossible with conventional electrical sensors. At present, many
real-world applications already use both approaches to harness the combined
benefits of electrical and optical sensing.

Recently, the advances of technology and applications based on fiber optics are
progressed very rapidly. As a physical medium, Optical fiber is subjected to various
perturbation of at all times. Thus, it experiences size and shape changes and optical
(refractive index, mode conversion) changes to a larger or lesser extent depending
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upon the nature and the magnitude of the perturbation. It is crucial for communi-
cation application to be reliable all times and to minimize various effects on
transmitted signals. On the other hand in fiber optic sensing, the response to
external influence is deliberately enhanced so that the resulting change in optical
radiation can be used as a measure of the external perturbation. Since light is
characterized by amplitude (intensity), phase, frequency and polarization, any one
or more of these parameters may undergo a change. The fiber acts as a modulator in
sensing phase, while in communication, the signal passing through a fiber is already
modulated. It also works as a transducer that converts measurands into a corre-
sponding change in the optical radiation.

FOSs offer many advantages such as freedom from EMI, wide bandwidth,
compactness, geometric versatility and economy. Indeed of dielectric construction,
passive, and high sensitivity when compared to other types of sensors. Specially
prepared fibers can withstand high temperature and other harsh environments. In
telemetry and remote sensing applications it is possible to use a segment of the fiber
as a sensor gauge while a long length of the same or another fiber can convey the
sensed information to a remote station. Deployment of distributed and array sensors
covering extensive structures and geographical locations is also feasible.
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Dynamic Effects of Piezoelectric Patch
Actuators on Vibrational Response
of Non-deterministic Structures:
Modelling and Simulations

Azni N. Wahid, Asan G.A. Muthalif and Khairul A.M. Nor

Abstract Many engineering systems such as aircraft and automotive are considered
built-up structures, fabricated from components that are classified as deterministic
subsystems (DS) and non-deterministic subsystems (Non-DS). The response of
Non-DS is sensitive to minor details of material properties, geometry, connections
and damping distribution; therefore create problems in vibration control. Hence, the
response of Non-DS is estimated using statistical modelling technique such as sta-
tistical energy analysis (SEA), in which any external input to the subsystem must be
represented in terms of power input. In this research, ensemble average of power
delivered by a piezoelectric (PZT) patch actuator to a simply-supported plate when
subjected to structural uncertainties is studied using Lagrangian method and
obtained by Monte-Carlo simulation. The effects of size and location of the PZT
patch actuators on the power delivered to the plate are investigated. It is found that
changing the patch location on the structure will not affect the average power sup-
plied by the patch while changing the patch size will change the power magnitude
proportionally but with some variations at higher frequency.

1 Introduction

1.1 Deterministic Structures Versus Non-deterministic
Structures

Most of engineering systems are subjected to forms of excitation with frequencies
that range from low to high which later determine the type of response of the
system. If vibrational response characteristics such as displacement, acceleration,
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and stress are known precisely as functions of time, the vibration is known as
deterministic vibration (DS) i.e. can be mathematically described using determin-
istic method. In addition, systems such as aircraft are usually subjected to excitation
at high frequency. The modelling of such systems presents the problem of high-
frequency vibration [1]. The physical characteristic of a high-frequency vibration is
that the precise natural frequencies and shapes of high-order modes are impossible
to be calculated hence causing difficulties in vibration analysis and therefore any
control effort. The system response subjected to this type of vibration is also very
sensitive to uncertainties due to the short wavelength deformation, in which iden-
tical structures can produce very different dynamic response properties [2]. Sub-
system subjected to this type of vibration falls into non-deterministic (Non-DS)
subsystem category and therefore statistical modelling method such as Statistical
Energy Analysis (SEA) are commonly employed [3, 4].

1.2 Statistical Energy Analysis

Unlike classical vibration analysis which is based on force and displacement, this
approach uses energy quantities such as energy, energy density and power. The
main aim of the SEA method is to predict energy distribution among subsystems.
This is achieved via energy balance equations which involve an expression for
power flow [5]. For a single system j, any excitation applied to the subsystem can
be considered as power input Pj to the system. Vibrational energy stored in the
subsystem due to any input power is Ej. In reality there is also power dissipation,
Pout, mainly due to internal damping of the structure. This power dissipation (rate of
energy dissipation) is given by, Pout = ωηj Ej, where ηj is the internal loss factor of
the subsystem. In steady-state, the power input is equal to power loss Pj = ωηj Ej.
However, if the subsystem is coupled to another subsystem, k, some power balance
holds between both subsystems in which they share vibration energy. The funda-
mental assumption in SEA is that the power flow between the two subsystems is
proportional to the difference in modal energy between them:

Pj ¼ gjxEj þ gjkx
Ej

nj
� Ek

nk

� �
ð1Þ

where ω is the central frequency of a given bandwidth, nj is the modal density of the
subsystem j, Ej is the spatial average energy of subsystem j, Ej

nj
and Ek

nk
are the ensemble

average modal energies for subsystem j and k respectively, ηj is the internal loss factor
of the subsystem j, and ηjk is the coupling loss factor between the subsystem [3, 5].

In SEA, subsystem is not actually of a structural nature as such (in the substructure
sense): an SEA subsystem is a group of similar and significant resonant modes (or
wavefields) that dominate the response of the structure in a given structural region [3].
A flat plate in general can be represented by three different subsystems: one for the
flexural motion and two for the extensional motion (the longitudinal and shear
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motion). Hence, a flat plate may be represented by three SEA subsystems with three
corresponding energy response variables. In this article, only the flexural motion of
the plate is discussed and represented as a SEA subsystem. Hence, only the power
injected by the PZT patch actuator to flexural motion of the plate, i.e. bending
moment, is considered in the analysis. In calculating the power input from the pie-
zoelectric actuator on the plate, only the induced stress and strain in the piezoelectric
materials are considered in the calculation.

Modal density and modal overlap factor are statistically based parameters which
are essential to SEA modelling method. Modal density is defined as number of
natural frequencies per unit frequency. The concept of modal density is inadequate
at low frequency range because its natural frequencies vary with specific condition
of the system. In contrast, at higher frequency range (as mode order rises), the
natural frequencies are subjected to increasing uncertainties [6] due to its degree of
sensitivity to minor details of material properties, geometry, connections and
damping distribution of the system [1]. Modal density for a thin flat plate subjected
to bending waves is [1]:

n xð Þ ¼ S
4p

qh
D

� �1=4

ð2Þ

where S is structure area (one side), ρ is material density of the plate, h is plate
thickness and D is the flexural rigidity of the plate:

D ¼ E
1� v2ð Þ

h3

12

� �
ð3Þ

v is Poisson’s ratio of the plate.
Modal overlap factor, M is the ratio of the half-power bandwidth to the local

average interval between natural frequencies, which is basically the degree of
overlap in modal response. M is a dimensionless quantity, proportional to fre-
quency, ω and is given by:

M xð Þ ¼ xgn ð4Þ

where η is modal loss factor and n is modal density. At low frequency range, where
M is less than unity, individual modal responses are distinctly visible. As
M approached unity, the individual modal responses begin to overlap and
as M increases beyond unity namely at high frequency range, the modal responses
combine to be broader peaks and no distinct resonant peaks are visible in the
response. This is illustrated in Fig. 1.

PZT patch actuator has received significant attention for vibration analysis and
control due to its unique direct-and-inverse PZT effect. Adding a PZT patch actuator
on a structure is equivalent to adding an external moment to the dynamics of the
structure [7, 9, 11]. Conveniently, the influence of adding moment on a DS is known;
mathematical model describing power supplied by PZT patch actuator is available.
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However, analytical solution to estimate average power delivered by a PZT actuator
when attached to a Non-DS is limited and needs to be understood [8]. Such ana-
lytical solution is also required when attempting to control vibration of Non-DS as
built-up structure using PZT patch actuator.

In this chapter, ensemble average of power given by the PZT patch actuator to a
plate when subjected to structural uncertainties is simulated. The effects of size and
location of PZT actuator on the power delivered to the plate are investigated and
presented. Only these two parameters are on interest considering the practicality in
real application. A simply-supported plate with attached PZT patch and distributed
point masses is taken as a benchmark model. The distributed point masses are used
to introduce uncertainties to the response of the plate i.e. produce the non-deter-
ministic characteristic. Equation of motion for the benchmark model is derived
using Lagrangian method and the ensemble average of power delivered to the plate
is obtained by Monte-Carlo simulation.

2 Derivation of Equation of Motion

2.1 A Rectangular Plate with Distributed Point Masses
Attached with a PZT Patch Actuator

The constitutive equations of a general PZT material are [7]:

rkl ¼ cEijkleij � ekijEk ð5Þ

Di ¼ eiklrkl þ nTikEk ð6Þ

Fig. 1 Frequency response function of a rectangular plate [1]
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where σkl and ɛij are components of stress and strain tensors, respectively, cEijkl is the
elastic stiffness under constant electric field (Hooke’s tensor), ekij is the PZT con-
stant, Ek is the electric field, Di is the electric displacement and nTik is the dielectric
constant under constant strain. For an isotropic, two dimensional element, matrices
cEijkl and ekij can be written as:

cEijkl ¼
E

1�v2
vE

1�v2 0
vE

1�v2
E

1�v2 0
0 0 E

2ð1þvÞ

2
64

3
75; ekij ¼

E
1�v2

vE
1�v2 0

vE
1�v2

E
1�v2 0

0 0 E
2ð1þvÞ

2
64

3
75

d31
d32
0

2
4

3
5 ð7Þ

Therefore, (5) can be rewritten as (subscript ‘pzt’ refers to piezoelectric
material):

rxx
ryy
rxy

2
4

3
5 ¼

Epzt

1�v
pzt2

vpztEpzt

1�v
pzt2

0

vpztEpzt

1�v
pzt2

Epzt

1�v
pzt2

0

0 0 Epzt

2 1þvpztð Þ

2
66664

3
77775

exx
eyy
exy

2
4

3
5

�

Epzt

1�v2pzt

vpztEpzt

1�vpzt2
0

vpztEpzt

1�v
pzt2

Epzt

1�v
pzt2

0

0 0 Epzt

2 1þvpztð Þ

2
66664

3
77775

d31
d32
0

2
4

3
5V tð Þ

tp
8

where d32 and d31 are the PZT strain constants. Assuming an isotropic PZT material
is used, d32 = d31. Epzt is the Young’s modulus, vpzt is Poisson’s ratio, V tð Þ is
voltage supplied to the material, tp is the patch thickness; all properties are attrib-
uted to the PZT material. Equation (8) will be used to derive the equation of motion
of the system consisting of a thin rectangular plate with a PZT patch actuator
attached on it.

Consider a rectangular plate with length a, width b and thickness h. The plate
has a PZT patch located at distance x1 along the length and distance y1 along the
width. The patch has x2 − x1 length, y2 − y1 width and thickness tp. A number of
point masses are distributed randomly on the plate to create uncertainties (Fig. 2).

The linear strain displacement relationship is represented by the following
equation [7]:

�x ¼ �z
o2w
ox2

; �y ¼ �z
o2w
oy2

; cxy ¼ �2z
o2w
oxoy

ð9Þ
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From (9), �x; �y and cxy are the normal strains and the shear strain of the thin plate
respectively. The stresses corresponding to normal strains and the shear strain are
represented as:

rx ¼ E
1� v2

ð�x þ v�yÞ ð10Þ

ry ¼ E
1� v2

ð�y þ v�xÞ ð11Þ

sxy ¼ Gcxy ð12Þ

However, with the existence of PZT patch on the plate, the cross section of the
plate will not be uniform therefore stress distribution along the thickness of the plate
needs to be modified [9]. The neutral axis of the system is shifted towards the PZT
patch and this shift can be calculated by balancing the force and moment across the
patch thickness:

Zh
2

�h
2

E z� znð Þdzþ
Zh2þtp

h
2

EPZT z� znð Þdz ¼ 0 ð13Þ

which resulted to:

zn ¼ EPZT tpðhþ tpÞ
2ðEhþ EPZT tpÞ ð14Þ

where zn is the shifted neutral axis measured from the plate centre (Fig. 3).
Hence, the linear strain displacement relationships are modified as [10]:

�x ¼ � z� znð Þ o
2w
ox2

; �y ¼ � z� znð Þ o
2w
oy2

; cxy ¼ �2 z� znð Þ o
2w

oxoy
ð15Þ

Fig. 2 Schematic diagram of a rectangular plate attached with PZT patch and 20 randomly-
located point masses
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To obtain the equation of motion of the system, Lagrangian method will be
employed:

o
ot

oL
o _Wmn

� �
� oL
oWmn

¼ Fmn where L ¼ T � U ð16Þ

where T and U are the total kinetic energy and total potential energy of the system,
respectively. The total kinetic energy of the system has contributions from the plate,
PZT actuator and distributed point masses:

Ttotal ¼ Tplate þ TPZT þ Tdist:point mass

¼ 1
2
qh

ZZ
ow
ot

� �2

dAþ 1
2
qpetp

ZZ
ow
ot

� �2

Sðx; yÞdAp

þ 1
2

ZZ X

r

mrdðx� xr; y� yrÞ ow
ot

� �2

dA

ð17Þ

where ρpe is the density of the PZT actuator, Ap is the area of the PZT actuator and
S x; yð Þ ¼ H x� x1ð Þ � H x� x2ð Þ½ � H y� y1ð Þ � H y� y2ð Þ½ � is a product of Heavi-
side function which takes care of the presence of PZT patch on the plate. The total
potential energy of bending for the system has contributions from the plate and PZT
actuator:

Utotal ¼ Ustrain plate þ Ustrain PZT

Utotal ¼ D
2

ZZ
o2w
ox2

þ o2w
oy2

� �2

�2ð1� vÞ o2w
ox2

o2w
oy2

� �
� o2w

oxoy

� �2" #( )
dA

þ D1ðx; yÞ
2
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oy2

� �2
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� �
� o2w
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� �2" #( )
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dA

þ B tð Þ
ZZ

S x; yð Þ d31 þ vped32
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þ d32 þ vped31
� � o2w
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� �
dA

ð18Þ

Fig. 3 Cross section along xy-axes to show the shift of neutral axis due to PZT patch attachment
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where,

D1 x; yð Þ ¼ d1S x; yð Þ ¼ E
1� v2ð Þ

h3

12
þ z2nh

� �
S x; yð Þ ð19Þ

D2 x; yð Þ ¼ d2S x; yð Þ ¼ Epe

1� v2pe
� 	

t3p
3
þ h2tp

4
þ ht2p

2
� zn htp þ t2p

� 	
þ z2ntp

" #
S x; yð Þ

ð20Þ

B tð Þ ¼ EpeVðtÞ
2 1� v2pe
� 	 hþ tp � 2zn

� � ð21Þ

Solving (16) using (17) and (18) and evaluating the integrations lead to the
general form of equation of motion:

�x2 M½ � þ K½ �� �
Wmn ¼ Fmn ð22Þ

The formula to compute matrices M and K is given in Appendix section.
Equation (22) will be used to compute Monte-Carlo simulation for vibration
response of a non-deterministic rectangular plate attached with a PZT patch actuator.
However, the validity of the response using this equation is only up to the frequency
where the bending wavelength of the plate is comparable to the PZT patch dimen-
sions at high modal overlap factor,M [11]. Plate bending wavelength is given as [1]:

k ¼ 2p
kB

¼ 2pffiffiffi
4

p
x2qh=D

ð23Þ

Fig. 4 Plate bending
wavelength
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From Fig. 4, it can be seen that the PZT patch dimension used in this research
(6 cm × 5 cm), has cut-off frequency at approximately 2 kHz. Therefore, the final
EOM obtained in (22) is valid only up to this frequency. The importance of this
limitation will be further illustrated in Sect. 4.

3 Power Delivered to a Non-deterministic Thin
Rectangular Plate

To obtain the power delivered to the plate, the following equations for energy of the
plate due to vibration are first attained [6]:

E ¼ 1
2
WT

mnKCWmn or E ¼ 1
2
x2WT

mnMWmn ð24Þ

which uses complex modal stiffness matrix, KC ¼ Kð1þ jgÞ and mass matrix,
M respectively. ω is frequency, η is modal loss factor and K is stiffness matrix. The
extra term (1 + jη) is incorporated by assuming a hysteretic damping model,
introduced for proportional structural damping effect to the system [7]. Since the
system is not coupled to any other subsystem (single system), power input, Pin is
equal to power dissipated from the system.

Pin ¼ Ps ¼ gxE ð25Þ

Pin ¼ 1
2
gxWT

mnKCWmn or Pin ¼ 1
2
gx3WT

mnMWmn ð26Þ

Equation (26) is used to compute the power input to each sample in Monte-Carlo
simulation given in Sect. 4.

4 Simulation Studies

A rectangular plate made of steel is used for simulation studies. The properties of
the plate and PZT patch actuator used are tabulated in Table 1. The centre of the
PZT patch is located at 0.25 of the length and width of the plate. Twenty point
masses with total mass 20 % of the plate mass are located randomly on the plate
surface. To simulate high-order mode response, high modal overlap factor, M are
captured by using high numbers of half-waves in the x direction and y direction;
m = 15 and n = 15 respectively. Modal loss factor of 0.05 is used. Monte-Carlo
simulation is employed by taking the response for 50 ensembles (location of point
masses is randomized for each simulation), (26) is then used to obtain power
delivered by the patch actuator and then the responses are averaged to get the
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ensemble average power. Table 2 shows frequency range and its corresponding
modal overlap factor for the plate (Fig. 5).

For each ensemble in Fig. 6, the response exhibits small magnitude difference at
M less than unity, but significant as frequency increases. Figure 7 shows the closed-
up view at deterministic response range i.e. when modal overlap factor, M is less
than unity. The ensemble average exhibits distinct narrow peaks which indicate
resonant modal response of the system. As M approaches unity, the individual
modal responses begin to overlap and as it increases beyond unity, the peaks
gradually become broader and indistinct i.e. resonant modal response is not clearly
observable. The frequency response of multi-mode system in the high frequency
range is very sensitive to small disturbance due to the randomly located point
masses in the system. Hence the detail of high frequency response is unpredictable
i.e. non-deterministic.

Table 1 Properties of plate and PZT patch actuator used

Properties Plate (steel) PZT actuator (PZT-5A)

Young’s modulus 200 × 109 (Pa) 70 × 109 (Pa)

Density 7,850 (kg/m3) 7,750 (kg/m3)

Length × width × thickness 0.7 × 0.6 × 0.001 (m) 6 × 5 × 0.02 (cm)

Poisson’s ratio 0.33 0.31

Piezoelectric constant, d31 – −1.71 × 10−10 (V/m)

Table 2 Modal overlap factor and its corresponding frequency value

MOF 1 2 3 4 5 6 7 8

Frequency (Hz) 118 237 355 473 592 710 828 947

Fig. 5 Plot of modal overlap
factor versus frequency
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Fig. 6 Ensemble average of power delivered by a PZT actuator to plate (solid black line) for 50
ensembles

Fig. 7 Close-up view of
deterministic response range
(M < 1) for ensemble average
of power delivered by PZT
actuator to plate (solid black
line)
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4.1 Influence of PZT Patch Actuator Location and Size
on the Average Power Delivered to the Structure

Two case studies are considered in order to further investigate how the average
power delivered by PZT patch actuator to the plate is affected when physical
parameter of the system is changed.

4.1.1 Case 1: Changing PZT Actuator Location on Plate

Nine different grid locations on the plate, as shown in Fig. 8, are taken to locate the
patch. For each location, ensemble average power delivered by the patch to the
plate (50 simulations) is plotted in Figs. 9 and 10. At deterministic response range
(M < 1) shown in Fig. 10, it can be seen that narrow peaks are exhibited to indicate
resonant modal response of the system. When patch is located in the middle of the
plate (coordinate (0.5, 0.5), black solid line), it is observed that no modal response
exists at even mode numbers (i.e. 2 and 4). This is because mode cannot be excited
where force is located. At higher frequency range, it is observed that the peaks
become broader and indistinct. In addition, the difference in magnitude between
responses at the non-deterministic range is not significant. An important observa-
tion can also be made that different PZT actuator location on structure does not
affect the ensemble average power delivered.

4.1.2 Case 2: Changing PZT Actuator Size

Five different sizes of PZT actuator are taken; the original size (6 cm × 5 cm), 0.25,
0.5, 1.5 and twice of the original size are considered separately. Ensemble average
power from 50 simulations is plotted in Fig. 11.

From Fig. 11, a general observation can be made that the magnitude of response
decreases as the PZT actuator size decreases however the response shape between

Fig. 8 Schematic figure of
nine different location of PZT
actuator on plate
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Fig. 10 Close-up view at deterministic response range (M < 1) of ensemble average power
delivered by a PZT actuator attached at nine different locations on the plate

Fig. 9 Ensemble average power delivered (50 ensembles each) by a PZT actuator located at nine
different locations on the plate
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different PZT sizes has no significant difference. There are some variations when the
patch size is made too big or too small from the original size which indicates that
mass effect becomes important at high frequency. The inertia effect tends to pull
down the amplitude of the response in proportion to ω which explains the increasing
variance as patch size is made bigger. Another reason is due to the ratio between
bending wavelength and the size of the patch. As explained earlier, the response is
only valid up to the frequencies where the size of the patch is comparable to the size
of bending wavelength. This is illustrated in Fig. 4 in which for 1.5 and 2 times of the
original patch size (9 cm × 7 cm and 12 cm × 10 cm), the cut-off frequencies are at
about 1,000 and 600 Hz respectively. It can be seen at these frequencies, the
Lagrangian responses for 1.5 and 2 times patch size drop suddenly (Fig. 11).

5 Conclusions

PZT material is used widely as actuators for excitation or structural vibration
control because it is compact and has wide frequency range. Understanding the way
vibrational response behaves at high frequency that is by knowing the average
power delivered by PZT actuator to a non-deterministic structure is a huge
advantage for analysing structural response using SEA method. This research has
presented simulation studies on the dynamic effects of a Non-DS when a PZT patch
actuator is attached. Parametric studies showed that changing the patch location on
the structure will not affect the average power supplied. On the contrary, changing
the patch size will change the power magnitude proportionally as larger patch
means larger force is applied. However, there are some variations for ensemble

Fig. 11 Ensemble average power delivered (50 ensembles each) by different sizes of PZT patch
actuator to the plate
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average which becomes more significant as the patch size is made too big or too
small. This is due to the inertial effect which pulls down the amplitude of the
response in proportion to ω. Also, the response is only valid up to the frequencies
where the size of the patch is comparable to the size of bending wavelength.
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Recall that the kinetic energy and potential energy of the system are:
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The assumed solution given in double series as in (8), is substituted into these
energy equations. The product of multiplication between two double series or its
derivatives will have four conditions, i.e. (i) m = p and n = q, (ii) m = p and n ≠ q,
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Thus, the potential and kinetic energies of the system are:
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Lagrange’s method is used to derive the EOM of the system. Since there is no
external force acting on the system, (that is, force is generated internally by the
piezoelectric patch), the Lagrange’s equation becomes
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where

M½ � ¼

M1111 M1112 . . . M11pq

M1211 M1212 . . . . . .

. . . . . . . . . . . .

Mmn11 . . . . . . Mmnpq

2
6664

3
7775 K½ � ¼

K1111 K1112 . . . K11pq

K1211 K1212 . . . . . .

. . . . . . . . . . . .

Kmn11 . . . . . . Kmnpq

2
6664

3
7775

F½ � ¼

F11

F12

. . .

Fmn

2
6664

3
7775
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Solubilities Prediction of Ginger Bioactive
Compounds in Liquid Phase of Water
by the COSMO-RS Method

Syaripah Za’imah Syed Jaapar, Noor Azian Morad and Yoshio Iwai

Abstract The solubilities in water of four main ginger bioactive compounds,
6-gingerol, 6-shogaol, 8-gingerol and 10-gingerol, were predicted using a conductor-
like screening model for real solvent (COSMO-RS) calculations. This study was
conducted since no experimental data are available for ginger bioactive compounds
solubilities in liquid phase of water. The σ-profiles of these selected molecules were
calculated using Gaussian software and the solubilities were calculated using the
COSMO-RS method. The solubilities of these ginger bioactive compounds were
calculated at 50–200 °C. In order to validate the accuracy of the COSMO-RSmethod,
the solubilities offive hydrocarbon molecules were calculated using the COSMO-RS
method and compared with the experimental data in the literature. The selected
hydrocarbon molecules were 3-pentanone, 1-hexanol, benzene, 3-methylphenol and
2-hydroxy-5-methylbenzaldehyde. The calculated results of the hydrocarbon mole-
cules are in good agreement with the data in the literature. These results confirm that
the solubilities of ginger bioactive compounds can be predicted using the COSMO-
RS method. The solubilities of the ginger bioactive compounds are lower than
1.0 × 10−4 at temperatures lower than 130 °C. At 130–200 °C, the solubilities
increase dramatically with the highest being 6-shogaol, which is 3.7 × 10−4 mole
fraction, and the lowest is 10-gingerol, which is 0.39 × 10−4 mole fraction at 200 °C.
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1 Introduction

Recently, various alternative and green solvents, such as sub- and supercritical
water or fluids have been developed in order to substitute common solvents that
have a high level of toxicity. Hot compressed water or subcritical water is an
alternative green solvent that has been developed and applied in the extraction
process of natural and medicinal plants. This shows that the properties of water
have high potential to be discovered, for example, the dielectric constant and vis-
cosity of water. Water is the most abundant, safe, cheap and environmentally
friendly pure solvent. Therefore, water seems to be one of crucial importance for
further development of the chemistry of subcritical and supercritical fluids [1].

The current study, which was done by Sarip [2] for ginger using subcritical water
extraction, indicates that the extracted bioactives by water depend on the temperature
of the process. For example, at 135 °C, the bioactive extracted was just 6-gingerol.
Whereas, when the extraction was carried out at 165 and 200 °C, more bioactives,
such as 6-shagaol and 10-gingerol, were extracted. These temperature conditions are
a function of the dielectric constant, which reduces as the temperature elevates [3].

There are four main components of ginger bioactive compounds, which are
6-gingerol, 6-shogaol, 8-gingerol and 10-gingerol. The identification technique of
ginger bioactive compounds are well established, so these can be the reference to
validate the extraction process using water as the solvent at subcritical conditions or
at lower dielectric constant properties. However, physical properties of the bioac-
tives for engineering application such as solubility and diffusivity in solvents are
not published up to this date.

The equilibrium and transport properties, such as solubility and diffusion coef-
ficient, are very useful for process design [4]. The solubility of a substance is a
fundamental property in order to establish the feasibility of an extraction [5]. The
water solubility or the aqueous solubility of a compound is referred to the equi-
librium concentration or the saturation concentration in the aqueous phase [6]. A
binary solubility diagram, a plot of T versus xi shows the liquid–liquid equilibrium
(LLE) of a binary system at constant pressure or the pressure effects are negligible
[7]. One example of LLE is when the two phases of a binary mixture (liquid–liquid)
are at thermodynamic equilibrium. The equilibrium criteria for LLE in a system of i
and ii species at certain temperature (T) and pressure (P) in the liquid phases I and
II, is written as (1):

f Ii ¼ f IIi ð1Þ

When the activity coefficient is used, (1) become

xIic
I
i f

ref
i ¼ xIIi c

II
i f

ref
i ð2Þ

xi
I, xi

II is are the mole fraction of liquid phases I and II for species i, respectively, ƒref

is the fugacity at the reference state. However, at this phase, small effects of
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temperature on the activity coefficient, γ can have large influence on the liquid–-
liquid phase diagram [8]. The activity coefficient, γ is a basic physical-property
value needed for the design of separation equipment [9]. The activity coefficient is
derived from GE/RT, which is the expression for the thermodynamic basis for
calculation or correlation of LLE [7].

This activity coefficient was used in various thermodynamics model such as
UNIQUAC (Universal Quasi-Chemical), UNIFAC (UNIQUAC Functional Group
Activity Coefficient) and NRTL (Non-Random Two Liquid Model) to predict the
LLE for separation process [10]. Each model has the advantages and disadvantages
and has been explained detail by Assael et al. [16]. Most of these models have
satisfactory correlation of activity coefficients for binary systems.

In this study, NRTL model was applied to fit the activity coefficients calculated
by the COSMO-RS method for the LLE prediction. The equation for NRTL model
for the excess Gibbs energy is as (3) below [8]:

GE

RT
¼ x1x2

s21G21

x1 þ x2G21
þ s12G12

x2 þ x1G12

� �
ð3Þ

From (3), the activity coefficients are:

ln c1 ¼ x22 s21
G21

x1 þ x2G21

� �2

þ s12G12

x2 þ x1G12ð Þ2
" #

ð4Þ

ln c2 ¼ x21 s12
G12

x2 þ x1G12

� �2

þ s21G21

x1 þ x2G21ð Þ2
" #

ð5Þ

The COSMO-RS method has the capability of predicting the thermo-physical
properties of liquids, such as activity coefficients from a statistical approach by
quantum calculations without experimental data, based on a unimolecular quantum
chemical calculation, which is an alternative to the structure-interpolating group
contribution methods (GCMs) [11, 12].

In 1995, Klamt [13] had proposed a totally new approach for the calculation of
solvation phenomena. It was based on good description of molecules in water and
some other solvents from dielectric continuum models. Since then, COSMO-RS
method has been improved by Klamt and his group which becomes a powerful tool
in molecular modeling, physical chemistry and in chemical engineering.

Basically there are two steps for the COSMO-RS calculations standard method.
The first step is to calculate the quantum chemical COSMO for the molecular
species involved by extracting the information about the solutes and solvents. Then,
the second step performs the COSMO-RS statistical calculations through the
COSMOtherm program [11, 14].
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The interaction parameters in NRTL equation were determined from the cal-
culated activity coefficients by using the COSMO-RS method. The liquid–liquid
equilibria (LLE) were calculated by NRTL model. Then the solubilities were
obtained from LLE. The solubilities of binary mixtures for hydrocarbon + water
systems were calculated and compared with the data in the literature. The calculated
results are in good agreement with the experimental data. The solubilities of ginger
bioactive compounds in water for the binary systems were then predicted.

2 COSMO-RS Calculation Procedures

The predictions of solubilities were carried out using the software package COS-
MOtherm version 3.2 (COSMOlogic GmbH & Co KG, Leverkusen, Germany) and
Gaussian software package version 3.09 (GausView, Gaussian, Inc. USA). The
calculations were performed on the Density Functional Theory (DFT) level using
Gaussian software for each molecule to obtain the COSMO input files for water,
hydrocarbon and ginger bioactive molecules. In these calculations, a charge density
σ of a segment on the molecular surface was calculated in a virtual conductor. The
ideally screened molecule energy with screening charge distribution on the surface
was used as the database for COSMO files. The distribution function pi(σ) of
the obtained σ (Fig. 1), which is called σ-profile, for each molecule can give the
σ-profile of the mixture p(σ) by using pi(σ) and the mole fraction xi of component i
in the mixture [15]. Detailed equations and the method of calculation have been
described by Shimoyama et al. [15]. The σ-profiles and σ-potential for each mol-
ecule were calculated with the COSMOtherm program. The activity coefficients for
the binary systems were predicted using the COSMO-RS calculation.

Fig. 1 Schematic illustration
of contacting molecular
cavities and contact
interaction. Source Klamt and
Eckert [12]
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The activity coefficients were fitted with the NRTL model and the binary
parameters in NRTL were obtained. As mentioned earlier, the fugacities of the both
phases are the same in LLE. Referring to the (2), the equality of activities between
the two liquid phases in LLE is written in (6) as follows:-

xIic
I
i ¼ xIIi c

II
i ð6Þ

where γ is the activity coefficient, and superscripts I and II mean phases I and II,
respectively [16].

The LLE was calculated using the NRTL model. The solubilities were obtained
from the LLE. The COSMO-RS calculations standard method [12] was applied in
this research and modified to obtain the solubilities of the molecules from the LLE
diagram. Figure 2 shows the flowchart for the calculation of solubilities.

3 Results and Discussion

3.1 Validation of Calculated Results

No experimental data for the solubilities of ginger bioactive compounds solubilities
are available to our best knowledge until this date. In order to validate the results,
the calculations were done part-by-part for the smaller parts of the ginger bioactive
compounds. 3-Pentanone was selected as it has double O bonding, 1-hexanol has
−OH in the formula structure, benzene has ring structure, while 3-methylphenol and
2-hydroxy-5-methylbenzaldehyde have −OH and −CH3 connected to the ring
structures. Table 1 shows the properties of the selected hydrocarbon molecules.

INPUT: 

Molecular Structure

Quantum Chemical Calculation (DFT) with COSMO (full 
optimization)

σ-profiles

COSMO-RS

The activity coefficients, were fitted with NRTL model

LLE calculations:- xi
I

i
I =  xi

II
i
II

OUTPUT: 

Solubility data 
obtained

Fig. 2 Flowchart of
solubility prediction from
COSMO-RS
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These five hydrocarbon molecules were selected because they have a similar
formula structure of smaller parts of ginger bioactive compounds and the experi-
mental data are available to prove the reliability of the COSMO-RS method. Figure 3
shows the structures of the minimum (with respect to the COSMO energy) con-
formers of these selected hydrocarbons. The solubilities of the selected hydrocarbon
molecules in five binary systems were then calculated with COSMO-RS and com-
pared with the experimental data, which were 3-pentanone in water, 1-hexanol in
water, benzene in water, 3-methylphenol in water, and 2-hydroxy-5- methylbenz-
aldehyde in water.

3- pentanone

1-hexanol

Benzene

3-methylphenol

2-hydroxy-5-methylbenzaldehyde

Fig. 3 Screening charge σ and structure of the minimum conformers of 3-pentanone, 1-hexanol,
benzene, 3-methylphenol and 2.-hydroxy-5- methylbenzaldehyde
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3.1.1 σ-Profiles

Figure 4 shows the σ-profiles and COSMO-cavities of six selected compounds. The
σ-profile of water is very broad, almost symmetric, with two peaks from both the
negative and positive side, which are around −0.016 and +0.018 e/A2, resulting
from the two polar hydrogen and lone pair of oxygen atoms, respectively. This
σ-profile of water was the same as reported by Zhou et al. [17] and almost the same
as the results reported by Klamt and Eckert [12].

The interaction energies were determined by the screening charge density σ. The
notation of “σ-profile” is used to describe the distribution ps(σ), which describes the
amount of surface in the ensemble having a screening charge density between σ and
σ + dσ. Regarding the definition of the σ-profile, there are two important σ-moments
related to the hydrogen bonds that represent the capability of hydrogen bond (HB)
donor (−) and acceptor (+) [11, 12]. A molecule is polar enough if the charge density
goes beyond ±0.008 e/A2. The σ-profile of 1-hexanol is narrowed in the middle
region due to no significant electrostatic moments and non-polar character with the
peak being −0.003 e/A2, which is different to 2-hydroxyl-5-methylbenzal-dehyde,
benzene and 3-methyphenyl, which have quite a symmetric σ-profile and are less
broad than water. They also show no intensity in both the hydrogen bonding regions,
which is beyond ±0.01 e/A2.

Fig. 4 σ-Profiles of selected
hydrocarbons and COSMO-
cavities (red positive surface
screening charges resulting
from negative partial charges
within molecule, blue
negative surface charges and
green neutral charges)
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3.1.2 LLE Phase Diagram for Solubilities of Hydrocarbons in Water

The calculated results from the COSMO-RS method are compared to the experi-
mental data for the selected binary systems as shown in Figs. 5, 6, 7, 8 and 9.
Figure 5 shows the comparison of the experimental data [18] and the calculated
results at temperature 20–120 °C of the solubilities of 3-pentanone in water. The
trend of the data and the calculated results are almost the same and really close to
each other with average percentage of difference is 9 %. In Fig. 6, there are about
4 % difference between the experimental data [18, 19] and the calculated results for
the solubilities of 1-hexanol in water at temperature 20–110 °C. Figure 7 shows the
solubilities of benzene [18] in water. The percentage of difference is about 19.27 %
at temperature 0–80 °C. While the solubilities of 3-methylphenol in water show
about 22.85 % difference between the experimental data [18] and the calculated
results as shown in Fig. 8. However, in Fig. 9, the percentage of difference for the
solubilities of 2-hydroxy-5-methylbenzaldehyde in water is about 59.11 % which is
high. The reasons maybe less of experimental data are available to compare.

The results show that the trends of experimental data and calculated results are
almost the same for the binary system. The agreement between the experimental
and calculated results in this study is not perfect, but it is satisfactory. In addition, a
few papers reported that the calculated and experimental results are in good
agreement when using COSMO-RS to predict the thermophysical properties of
certain compounds [14, 15, 20, 21].

20

40

60

80

100

120

140

0.0000 0.0050 0.0100 0.0150

T
em

pe
ra

tu
re

, T
 (o C

)

mole fraction, x1

3-pentanone (exp -
Sorensen & Arlt 
1979)

3-pentanone (calc)

Fig. 5 Solubilities of
3-pentanone (1) in water (2)

Solubilities Prediction of Ginger Bioactive Compounds … 345



20
30
40
50
60
70
80
90

100
110
120

0.0000 0.0005 0.0010 0.0015 0.0020
T

em
pe

ra
tu

re
, T

 (o C
)

mole fraction, x1

1-hexanol (exp-
Sorensen & Arlt
1979)

1-hexanol (calc) 1-hexanol (exp-
Goral et. al.
2006)

Fig. 6 Solubilities of
1-hexanol (1) in water (2)

0

10

20

30

40

50

60

70

80

0.0000 0.0002 0.0004 0.0006 0.0008 0.0010

T
em

pe
ra

tu
re

, T
(o C

)

mole fraction, x1

benzene -(exp-
Sorensen & Arlt 1979)
benzene-(calc)

Fig. 7 Solubilities of
benzene (1) in water (2)

0

20

40

60

80

100

120

140

160

0.0000 0.0050 0.0100 0.0150 0.0200 0.0250

T
em

pe
ra

tu
re

, T
 (o C

)

mole fraction, x1

3-methylphenol (exp-
Sorensen & Arlt 1979)
3-methylphenol (calc)

Fig. 8 Solubilities of
3-methylphenol (1) in water
(2)

346 S.Z.S. Jaapar et al.



3.2 Calculated Results for Solubilities of Ginger Bioactive
Compounds in Water

The solubilities of four main components of ginger bioactive compounds were
calculated at 50–200 °C where the ginger bioactive compounds are in liquid form at
this range of the temperature. Additionally, this range of temperature was selected
in order to compare with the Subcritical Water Extraction (SWE) of ginger bio-
active compounds, which was done by Sarip [2], and in consideration of the
operational cost if higher temperatures were applied as well as the stability of the
ginger bioactive itself from the degradation. Table 2 shows the formula structures
and molecular weights of four main ginger bioactive compounds.

The solubilities of these ginger bioactive compounds in water were calculated
separately in the binary systems which were 6-gingerol in water, 6-shogaol in
water, 8-gingerol in water, and 10-gingerol in water using COSMO-RS method.
Figure 10 shows the structures of the minimum (with respect to the COSMO
energy) conformers of 6-gingerol, 6-shogaol, 8-gingerol and 10-gingerol. The
structures for all ginger bioactive compounds are almost the same. The differences
are the number of carbon and hydrogen molecules. As for 6-shogaol, the structures
has a double bond between carbon molecule and less one ion O2− and two ion H+

compared to 6-gingerol.

3.2.1 σ-Profiles of Ginger Bioactive Compounds

The σ-profiles and COSMO-cavities of four ginger bioactive compounds and water
are shown in Fig. 11. The σ-profile of water is used as the reference for comparison
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with the previous results. The σ-profile for each compound of ginger bioactive
compound is almost the same, which is narrow in the middle region. 10-Gingerol
has the highest peak among the compounds. The σ-profile of 10-gingerol is almost
the same as 1-hexanol, as shown in Fig. 4. This σ-profile shows the molecular
polarization or interactions [17]. They show that there is no electrostatic moment or
non-polar character in the main parts of the ginger bioactive compounds. However,
all the ginger bioactive compounds have a peak beyond +0.01 e/A2, which repre-
sent the presence of the hydrogen bond. All the ginger bioactive compounds show a
higher screening charge density, which is in the region of HB acceptor region rather
than the HB donor region.

3.2.2 LLE Phase Diagram for Solubilities Prediction of Ginger
Bioactive Compounds in Water

The solubility for each ginger bioactive compound was calculated separately in the
binary systems (6-gingerol in water, 6-shogaol in water, 8-gingerol in water and
10-gingerol in water). The calculated results of the solubilities for ginger bioactive
compounds are plotted in the LLE phase diagram for comparison, as shown in

6-shogaol

6-gingerol

8-gingerol

10-gingerol

Fig. 10 Screening charge σ and structure of the minimum conformers of 6-gingerol, 6-shogaol, 8-
gingerol and 10-gingerol
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Fig. 12. These solubilities of ginger bioactive compounds were calculated from
50 to 200 °C. The solubilities of 6-gingerol and 6-shogaol are higher than those of
10-gingerol and 8-gingerol. This is because the molecular structures or molecular
weights of 10-gingerol and 8-gingerol are bigger than those of 6-gingerol and
6-shogaol. The trends of solubilities for all ginger bioactive compounds are almost

Fig. 11 σ-Profiles of ginger bioactive compounds and COSMO-cavities (red positive surface
screening charges resulting from negative partial charges within molecule, blue negative surface
charges and green neutral charges)

Fig. 12 Solubilities for
ginger bioactive compounds
(1) (6-shogaol, 6-gingerol,
8-gingerol and 10-gingerol) in
water (2)
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the same. The solubilities of these ginger bioactive compounds are very low being
less than 1.0 × 10−4 mole fractions when the temperature is below 130 °C. As the
temperature increases from 130 to 200 °C, the solubilities of these ginger bioactive
compounds increase dramatically. The highest solubility obtained is from 6-shogaol,
followed by 6-gingerol, 8-gingerol and 10-gingerol, which are 3.7 × 10−4,
2.9 × 10−4, 0.7 × 10−4 and 0.1 × 10−4 mole fraction, respectively, at 200 °C. Ginger
bioactive compounds are also sensitive to heat and will degrade as the temperature
increases [2].

4 Conclusion

The solubilities of 6-gingerol, 6-shogaol, 8-gingerol and 10-gingerol were calculated
with COSMO-RS in order to establish the feasibility of water as the solvent at high
temperature with lower dielectric constant. The σ-profiles of 6-gingerol, 6-shogaol,
8-gingerol and 10-gingerol show that the compounds have the slight possibility of
polar characteristic with the existence of hydroxide group in the structure. The
molecules interaction and polarization are also shown in σ-profile. The COSMO-RS
method can be used to calculate the LLE phase diagram. The solubilities of these
ginger bioactive compounds increase dramatically after the temperature increase
from 130 to 200 °C. This shows that at high temperature, the dielectric constant of
water decreased and mimic the properties of common non-polar solvent in engi-
neering application especially extraction. The solubilities of ginger bioactive com-
pounds in hot compressed water can be predicted with COSMO-RS method without
extensive experimental work.
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